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Preface

These notes will contain most of the material covered in class, and be distributed before
each lecture (hopefully). Since the course is an experimental one and the notes written
before the lectures are delivered, there will inevitably be some sloppiness, disorganization,
and even egregious blunders—not to mention the issue of clarity in exposition. But we will
try. Part of your task is, in fact, to catch and point out these rough spots. In mathematics,
proofs are not dogma given by authority; rather a proof is a way of convincing one of the
validity of a statement. If, after a reasonable attempt, you are not convinced, complain
loudly.

Our subject matter is intermediate calculus and linear algebra. We shall develop the
material of linear algebra and use it as setting for the relevant material of intermediate
calculus. The first portion of our work—Chapter 1 on infinite series—more properly belongs
in the first year, but is relegated to the second year by circumstance. Presumably this topic
will eventually take its more proper place in the first year.

Our course will have a tendency to swallow whole two other more advanced courses,
and consequently, like the duck in Peter and the Wolf, remain undigested until regurgitated
alive and kicking. To mitigate—if not avoid—this problem, we shall often take pains to
state a theorem clearly and then either prove only some special case, or offer no proof at
all. This will be true especially if the proof involves technical details which do not help
illuminate the landscape. More often than not, when we only prove a special case, the
proof in the general case is essentially identical—the equations only becoming larger.

September 1964
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Afterward

I have now taught from these notes for two years. No attempt has been made to revise
them, although a major revision would be needed to bring them even vaguely in line with
what I now believe is the “right” way to do things. And too, the last several chapters
remain unwritten. Because the notes were written as a first draft under panic pressure,
they contain many incompletely thought-out ideas and expose the whimsy of my passing
moods.

It is with this—and the novelty of the material at the sophomore level—in mind, that
the following suggestions and students’ reactions are listed. There are three categories,
A), Material that turned out to be too difficult (they found rigor hard, but not many of
the abstractions), B), changes in the order of covering the stuff, and C), material—mainly
supplementary at this level—which is not too hard, but should be omitted if one ever hopes
to complete the ”standard” topics within the confines of a year course.

(A) It was too hard (unless one took vast chunks of time).

(1) Completeness of reals. Only “monotone sequences converge” is needed for infinite
series.

(2) Term-by-term differentiation and integration of power series. The statement of
the main theorem should be fully intelligible—but the proof is too complicated.

(3) Cosets. This is apparently too abstract. It might be possible to do after finding
general solutions of linear inhomogeneous O.D.E.’s.

(4) Lo and uniform convergence of Fourier series. Again, all I ended up doing was to
try to state what the issues were, and not to attempt the proof. The ambitious
student should be warned that my proof of the Weierstrass theorem is opaque
(one should explicitly introduce the idea of an approximate identity).

(5) Fundamental Theorem of Algebra. The students simply don’t believe inequalities
in such profusion.

(6) T you want to see rank confusion, try to teach the class how to compute higher
order partial derivatives using the chain rule. That computation should be one
of the headaches of advanced calculus.

(7) Existence of a determinant function. I don’t know a simple proof except for the
one involving permutations—and I hate that one.

(8) Dual spaces. As lovely as the ideas are, this topic is too abstract, and to my
knowledge, unneeded at this level where almost all of the spaces are either finite
dimensional or Hilbert spaces. One should, however, mention the words “vector”
and “covector” to distinguish column from row vectors. I forgot to do so in these
notes and it did cause some confusion.

(B) Changes in Order and Timing. The structure of the notes is to investigate bare
linear spaces, then linear mappings between them, and finally non-linear mappings
between them. It is with this in mind that linear O.D.E.’s came before nonlinear maps
from R™ — R. The course ended by treating the simplest problem in the calculus
of variations as an example of a nonlinear map from an infinite dimensional space



iv

to the reals. My current feeling is to consider linear and non-linear maps between
finite dimensional spaces before doing the infinite dimensional example of differential
equations.

The first semester should get up to the generalities on solving LX = Y, p. 319
[incidentally, the material on inverses (p. 355 ff) belongs around p. 319]. Most
students find the material on linear dependence difficult—probably for two reasons:
1) they are not used to formal definitions, and ii) they think they have learned a
technique for doing something, not just a naked definition, and can’t quite figure out
just what they can do with it. In other words, they should feel these definitions about
the anatomy of linear spaces are similar to those describing a football field and of
little value until the game begins—i.e., until the operators between spaces make their
grand entrance.

Because of time shortages, the sections on linear maps from R! — R™ and R” — R!,
pp- 320-41 were regrettably omitted both years I taught the course. The notes were
written so that these sections can be skipped.

Supplementary Material. A remarkable number of fascinating and important topics
could have been included—if there were only enough time. For example:

(1) Change of bases for linear transformations (including the spectral theorem).
(2) Elementary differential geometry of curves and surfaces.

(3) Inverse and implicit function theorems. These should be stated as natural gener-
alizations of the problems of a) inverting a linear map, b) finding the null space
of a linear map, and c) generalizing dim D(L) = dim R(L) + dim N(L) all to
local properties of nonlinear maps via the tangent map.

(4) Change of variable in multiple integration. Determinants were deliberately in-
troduced as oriented volume to make the result obvious for linear maps and
plausible for nonlinear maps.

(5) Constrained extrema using Lagrange multipliers.

(6) Line and surface integrals along with the theorems of Gauss, Green, and Stokes.
The formal development of differential forms takes too much time to do here.
Perhaps a satisfactory solution is to restrict oneself to line integrals and these
theorems in the plane, where the topological difficulties are minimal.

(7) Elementary Morse Theory. One can prove the Morse inequalities easily for the
real line, the circle, the plane, and S? merely by gradually flooding these sets
and observing the number of lakes and shore line changes only at the critical
points.

(8) Sturm-Liouville theory. An elegant fusion of the geometry of Hilbert spaces to
differential equations.

(9) Translation-invariant operators with applications to constant coefficient differ-
ence and differential equations. The Laplace and Fourier transforms enter natu-
rally here.

(10) The Calculus of Variations. The formalism of nonlinear functionals on R* | i.e.,
maps f: R* — R, generalizes immediately to nonlinear functionals defined on
infinite dimensional spaces.



(11) The deleted rigor.

(12) Linear operators with finite dimensional (perhaps even compact) range.

One parting warning. When covering intermediate calculus from this viewpoint, it is
all too natural to forget the innocence of the class, to enchant with glitter, and to numb
with purity and formalism. Emphasis should be placed on developing insight and intuition
along with routine computational facility.

My classes found frequent reviews of the mathematical edifice, backward glances at the
previous months’ work, not only helpful but mandatory if they were to have any conception
of the vast canvas which was being etched in their minds over the course of the year. The
question, “What are we doing now and how does it fit into the larger plan?” must constantly
be raised and at least partially resolved.

May, 1966
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Chapter 0

Remembrance of Things Past.

We shall treat a hodge-podge of topics in a hasty and incomplete fashion. While most
of these topics should have been learned earlier, section 5 on the completeness of the real
numbers has its more rightful place in advanced calculus. Do not take time to read this
chapter unless the particular topic is needed; then read only the relevant portions. The
chapter is included for reference.

0.1 Sets and Functions

A set is any collection of objects, called the elements of the set, together with a criterion
for deciding if an object is in the set. For example, I) the set of all girls with blue eyes and
blond hair, and ii) the less picturesque set of all positive even integers. We can also define a
set by bluntly listing all of its elements. Thus, the set of all students in this class is defined
by the list in the roll book.

Sets are often specified by a notation which is best described by examples.

i) S={z: xis an integer } is the set of all integers.

ii) T = {(z,y): #2+y% = 1} is the set of all points (z,y) on the unit circle z2+y% = 1.

iii) A={1,2,7,-3} is the set of integers 1,2,7 and —3.

Our attitude toward set theory will be extremely casual; we shall mainly use it as a
language and notation. Without further ado, let us introduce some notation.

x €S, x is an element of the set S, or just = isin S.

xS, x is not an element of the set S'.

Z, the set of all integers, positive, zero, and negative.

Z, the set of all positive integers, excluding 0.

R the set of all real numbers (to be defined more precisely later).

C, The set of all complex numbers (also to be defined more precisely later).

0, the set with no elements, the empty or null set. It is extremely uninteresting.

DEFINITION: Given the two sets S and T', 1) the set SUT, “S union T7, is the set of
elements which are in either S or T, or both.

ii) The set SNT, “S intersection T”, is the set of elements in both S and T .

If we represent S by one blob and 7' by another, S UT is the shaded region while
S NT is the cross-hatched region. Note that all elements in SNT are alsoin SUT . Two
sets are disjoint if SNT = (), that is, if their intersection is empty.

1



2 CHAPTER 0. REMEMBRANCE OF THINGS PAST.

A subset of a set is another way of referring to a portion of a given set. Formally, A is
the subset of S, written A C S, if every element in A is also an element of S. The set
A is a subset of the set S if and only if either

AUS =85, or, equivalently, ANS = A.

It is possible that A = S, or that A = (). If these degenerate cases are excluded, we say
that A is a proper subset of S.

Given the two sets S and T, it is natural to form a new set S x T, “S cross 17,
which consists of all pairs of elements, one from S and the other from T . For example, if
S is the set of all men in this class, and T the set of all women in this class, then S x T
is the set of all couples, a natural set to contemplate.

If €S and y € T, the standard notation for the induced element in SxT is (z,y).
Note that the order in (z,y) is important. The element on the left is from S, while that on
the right is from 7'. For this reason the pair of elements (z,y) is usually called an ordered
pair. The whole set S x T is called the product, direct product, or Cartesian product of S
and T, all three names being used interchangeably.

You have met this idea in graphing points in the plane. Since these points, (x,y), are
determined by an ordered pair of real numbers, they are just the elements of R x R. From
this example it is clear that even though this set R x R is the product of a set with itself,
the order of the pair (z,y) is still important. For example the point (1,2) € R X R is
certainly not the same as (2,1) € R x R.

Having defined the direct product of two sets S and T' as ordered pairs, it is reasonable
to define the direct product of three sets S, T, and U as the set of ordered triplets (z,y, z),
where £ € S,y € T, and z € U. The extension to n sets, S7 X Sy X --- x S}, , is done in
the same way.

Let us now recall the ideas behind the notion of a function.

A function f from the set X into the set B is a rule which assigns to every =z € X
one and only one element y = f(z) € B. We shall also say that f maps X into B, and
write either

f:X =B o XL B

This alternative notation is useful when X and B are more important than the specific
nature of f. The set X is the domain of f, while the range of f is the subset Y C B of
all elements y € B which are the image of (at least) one point z € X, so y = f(z), or in
suggestive notation, Y = f(X).

Automobile license plates supply a nice example, for they assign to every license plate
sold a unique car. The domain is the set of all license plates sold, while the range is not all
cars, but rather the subset of all cars which are driven. Wrecks and museum pieces neither
need nor have license plates since they are not on the roads. Some other examples are i)
the function f(n) = %, n =1,2,3,... which assigns to every n € Z the rational number
1 and ii) the function f(n,m) =2, n, m=1,2,2,..., which assigns to every element of
Zy x Zy the rational number 7.

Quite often we shall use functions which map part of some set into part of some other
set. In other words the function may be defined on only a subset of a given set and take on
values in a subset of some other set. The function f(n,m)="" of the previous paragraph
is of this nature for we defined it on a subset of Z x Z and takes its values on the positive

subset of the set of all rational numbers.
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There is some standard nomenclature (or $10 words if you like) associated with map-
ping. Say X C A and the function f: X — B. Note that we know the definition of f
only on X . It may not be defined for the remainder of A.

DEFINITION: i) if every element of B is the image of (at least) one point in X , the map
f is called surjective or onto. In other words f: X — B is a surjection if the range of f
is all of B. Thus f is always surjective onto its range.

ii) If the map f has the property that for every x1,z9 € X, we have f(z1) = f(z2)
when and only when x; = 9, the map is called injective or one to one (1-1). This is the
case if no two different elements in X are mapped into the same element in B.

iii) If the map f is both surjective and injective, that is, if it is both onto and 1-1, then
f is called bijective.

EXAMPLES: For these, we have f: X — B where X = B=7Z.

(1) The map f(n) = 2n is injective but not surjective since the range does not contain
the odd integers in B.

nif o
(2) The map f(n) = é if Zi: g\(/iedn is surjective but not injective since every ele-

ment in B is the image of two distinct elements of X .
(3) The map f(n) =n+7 is bijective.

NOTATIONAL REMARK: For functions whose domain is Z or Z; it is customary to indicate
the element of the range by a notation like a,, instead of f(n). Thus f(n) = 1, where
n € Z4 , is written as a, = % . Such a function is usually called a sequence.

The concepts we have just defined are useful if we try to define what we mean by the
inverse of a function.

DEFINITION: A function f: X — B is invertible if to every b € B there is one and only
one x € X such that b= f(x). Thus f is invertible if and only if it is bijective. If f is
invertible, we denote the inverse function by f~! so x = f~1(b).

If f: A— B,and ¢g: B — C, then when composed (put together) these two functions
induce a mapping, go f, of A into C'. Slightly more generally, if BC R,and f: A — B
while g: R —- C,then gof: A—C.

You should be able to see why the composed map g o f is only defined on A, and then
understand that our stipulation that B C R is a convenient requirement.

If € A and z € C, then go f maps z onto z = (go f)(z), or in more familiar
notation, z = g(f(x)). Now an example. Say the distance s you have walked at time ¢ is
specified by the function s = f(t), and the amount z of shoe leather worn out by walking
the distance s is given by the function z = g(s). Then the amount of shoe leather you have
worn out at time ¢ is given by the composed function z = g(f(¢)). Here t € A, s € B,
and z € C. Hopefully you have by now recognized that the “chain rule” for derivatives is
just the procedure for finding the derivative of composed functions from their constituent
parts. In our example the chain rule would be used to find % from % and % -if these
functions were differentiable.

We conclude this section with more symbols—if you have not yet had enough. These
are borrowed from logic. Although we shall use them only infrequently as a shorthand, they
might have greater use to you in class notes.

v “for every”
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= “there is”, or “there exists”
3 “such that”
A = B “the truth of statement A implies that of statement B”.

A & B “statement A is equivalent to statement B, that is, both A = B and
B=A.

Exercises

(1) f R={1,4}, 5={1,2,3,4, },and T'={2,3,7}, find the six other sets RUS, RN
S, RUT, RNT, SUT, and SNT. Which of these nine sets are proper subsets of
which other sets?

(2) If S={z: |[x—1 <2} and T ={=z: |z <2}, find SUT and SNT. A sketch
is adequate.

(3) If A, B, and C are any subsets of a set S, prove

(a) (AUB)UC = AU (BUC) —so that the parenthesis can be omitted without
creating ambiguity.

(b) (ANB)NC =AN(BNC) —so that again the parentheses are superfluous.
(c) (AuB)NC=(ANnC)u(BNCQC).
(d) (AnB)UC=(AuC)Nn(BUCQC).

REMARK: two sets X and Y are proved equal by showing that both X C Y and
YcCcX.

(4) If the function f has domain S, and both A C C and B C S, prove that

(i) Ac B= f(A)C f(B).

(ii) f(ANB) C f(A) N f(B) [We cannot hope to prove equality because of coun-
terexamples like: let A = {-2,-1,0,1,2,3} and B = {—4,-3,-2,-1}.
Then with f(n) = n?, we have f(A4) ={0,1,4,9}, f(B) = {1,4,9,16}, and
fLAUB) ={1,4} # f(A) N f(B)].

(iii) f(AUB) = f(A)U[(B).

(5) For the following functions f: X — B, classify as to injection, surjection, or bijection,
or none of these.

(i) f(n)=n? with X =7, and B=17.

(ii) Let X = { all rational numbers}, B = { all rational numbers } , and f(z) =
where x = > € X [Here ;> is assumed to be reduced to lowest terms.|

1
m

(iii) f(z) =1, where z € X and X = B = {all positive rational numbers } .

(iv) X = {all women born in May}, B = { the thirty days in the month of June} ,
and let f be the function assigning “her birthday” to each woman born in June.

(v) f(n)=|n|, with X =B =17.
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0.2 Relations

A relationship often exists between elements of sets. Some common examples are i) a > b,
ii) a L b (perpendicular to), iii) a loves b, and iv) a # b. Let S be a given set, a,
be S, and let R be a relation defined on S (that is, Va, b € S, either aRb or aRb with
no third alternative possible). Most relations have at least one of the following properties.

(i) reflexive aRa Va € S
(ii) symmetric aRb = bRa

(iii) transitive (aRb and bRc) = aRe.
EXAMPLES:

1) perpendicular (L) is only symmetric.

2) “loves” enjoys none of these (well, maybe it is reflexive).

3) equality (=) has all three properties.

~

(1)
(2)
(3)
(4) geometric congruence (=) and geometric similarity (~) both have all three.
(5)
(6)
(7)

5) parallel (]|) has all three—if we are willing to agree that a line is parallel to itself.

[13

6

is less than five miles from” is only reflexive and symmetric.

7

for a, b € Z4 , the relation “a is divisible by b” is only reflexive and transitive but
not symmetric.

(8) “less than” ( <) is only transitive.

A relation which is reflexive, symmetric and transitive is called an equivalence relation.
The standard examples are those of algebraic equality and of geometric congruence. An
equivalence relation on a set S partitions the set into subsets of equivalent elements. Those
terms are illustrated in the following.

EXAMPLES:

(1) In the set S of all triangles, the equivalence relation of geometric congruence parti-
tions S into subsets of congruent triangles, any two triangles of S being in the same
subset (or equivalence class as it is called) if and only i f they are congruent.

(2) In the set P of all people, consider the equivalence relation ”has the same birthday,”
disregarding the year. This relation partitions P into 366 equivalence classes. Two
people are in the same equivalence class if their birthdays fall on the same day of the
year.

Notice that any two equivalence classes are either identical or disjoint, that is, they
have either no elements in common or they coincide. This is particularly clear from the
examples with birthdays.

By the fundamental theorem of calculus, we know that the indefinite integral of an
integrable function f can be represented by any function F' whose derivative is f. The
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mean value theorem told us that every other indefinite integral of f differs from F by
only a constant. Thus, the indefinite integrals of a given function are an equivalence class
of functions, differing from each other by constants. The equivalence relation is “equal up
to an additive constant”.

Exercises

(1) If a, b, ¢, d € Z4 , let us define the following equivalence relation between the elements
of Z+ X Z+ :
(a,0)R(c,d) if and only if ad = be.

Verify that R is an equivalence relation. [In real life, the pair (a,b) of this example
is written as ¢, so all we have said is § = 5 if and only if ad = bc. This equivalence

relation partitions the set of rational numbers into very familiar equivalence classes.

For example the equivalent rational numbers %, %, %, ... are in the same equivalence
class, to no one’s surprise|.
(2) Explain the fallacy in the following argument by observing that equality “=" here is

not the usual algebraic equality , but rather some other equivalence relation.

“Let = [ % Integration by parts (p = 1/z, dg = dx ), gives

Hence 0=1.7

0.3 Mathematical Induction

You are familiar with a variety of proofs, viz. direct proofs and proofs by contradiction.
There is, however, another type of proof which is not encountered very often in elementary
mathematics: proof by induction.

Abstractly, you have a sequence of statements Py, P», Ps, ..., and a guess for the nature
of the general statement P, . A proof by mathematical induction provides a method for
showing the general statement P, is correct. Here is how it is carried out. First verify
that the statement is true in some special case, say for n =1, so you check the validity of
Py . Second you show that if it is true in some particular case n = k, then it is true for
the next case n =k + 1, that is, P, = Py . Now since P; is true, sois P41 = P, and
consequently so is P71 = P53, and so on up. Observe that the procedure does not tell you
how in the world to guess the general statement P, , but only shows how to verify it.

Let us carry out the procedure for an example. We guess the formula

1
1+2+---+n:”(”2+) (0-1)

STEP 1. Is the formula true for n =17 Yes, since both sides then equal 1.
STEP 2. Assuming the formula is true for n = k, we must show this implies the formula is
true for n=k+1.

(k+1)(k+2)

L+24d kbt (b 1) =
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The formula, assumed to be true, for n =k is

1+2+-~-+/<::k(k;1).
Adding (k4 1) to both sides we find that
k(k+1 k+1)(k+2
Lb 24tk (b= "EED g gy o (RED(RE2)

2 2

which is exactly the statement we wanted. This proves that formula (0.3) is true for all
n>1.

Exercises
Use mathematical induction to prove the given statements.

2 2 2 _ n(n+1)(2n+1)
(1) 1P +2° 4+ n= g
(2) %(3}”) =nz"" ! (use the formula for the derivative of a product).

(3) Let I(n) = fog sin” z dx
(a) Prove the following formula is correct when n is an odd integer > 3,

2.-4-6----(n—1)

I(n) =
(n) 1-3-5---n

(b) Guess and prove the formula when n is an even integer > 2.

(4) Let T'(s) = [," e *t""1 dt, where s> 0 (this is the famous gamma function).

(a) Show I'(s+ 1) = sI'(s) (Hint: integrate by parts)
(b) If n € Z; , guess and prove the formula for I'(n +1).

0.4 The Real Numbers: Algebraic and Order Properties.

The set of all real numbers can be characterized by a set of axioms. These properties are of
three different types, i) algebraic properties, ii) order properties, and iii) the completeness
property. Of these, the last is by far the most difficult to grasp. But that is getting ahead
of our story. Let S be a set with the following properties.

I. ALGEBRAIC PROPERTIES

A. Addition. To every pair of elements a,b € S, is associated another element, denoted
by a + b, with the properties

A-0. (a+b)esS

A - 1. Associative: for every a,b,c € S,a+ (b+c¢)=(a+0b)+c.

A - 2. Commutative: a+b=>b+a

A - 3. There is an additive identity, that is, an element 70" € S such that 0 +a =a
forall a € S.

A - 4. For every a € S, there is also a b € S such that a+b=0. b is the additive
inverse of a, usually written —a.
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M. Multiplication. To every pair a,b € S, there is associated another element, denoted
by ab, with the properties

M-0. abe S

M - 1. Associative. For every a,b,c € S, a(bc) = (ab)c.

M - 2. Commutative. ab = ba .

M - 3. There is a multiplicative identity, that is, an element “I” € S such that la = a
for all a € S. Moreover 1 # 0.

M - 4. For every a € S, a # 0, there is also a b € S such that ab = 1. b is the
multiplicative inverse of a, usually written é or a”l.

D. Connection between Addition and Multiplication.

D - 1. Distributive. For every a,b,c € S, a(b+ ¢) = ab+ ac.

Some sample - and simple—consequences of these nine axioms are i) a + 0 = a, ii)
a-1=a,andiii) a+b=a+c=>b=c.

Any set whose elements satisfy the axioms A-0 to A-4 is called a commutative(or
abelian) group. The group operation here is addition. In this language, we see that the
multiplication axioms just state that the elements of S —with the additive identity 0
excluded—also form a commutative group, with the group operation being multiplication.
These additive and multiplicative structures are connected by the distributive axiom. Most
of high school algebra takes place in this setting; however, the possibility of non-integer
exponents is not yet specifically included; in particular the square root of an element of S
is not necessarily also in S'.

Our axioms, or some part of them, are satisfied by sets other than the real numbers. The
set of even integers form a commutative group with the group operation being addition,
while numbers of the form 2", n € Z, form a commutative group under multiplication.
The set of rational numbers satisfies all nine axioms. Any such set which satisfies all nine
axioms is called a field. Both the real numbers and the rational numbers (a subset of the
real numbers) are fields. A more thorough investigation of groups and fields is carried out
in courses in modern algebra.

II. ORDER AXIOMS

Besides the above algebraic rules, we shall introduce an order relation, intuitively, the
notion of ’greater than”. To do this we need to use an undefined concept of positivity for
elements of S and use it to state our axioms.

O-1.If ae S and b€ S are positive, so are a+b and ab.

O -2. The additive identity 0 is not positive.

O - 3. For every a € S, a # 0, either a or —a is positive, but not both. If —a is
positive, we shall say that a is negative.

Trichotomy Theorem. For any two numbers a,b € S, exactly one of the following three
statements is true, i) a — b is positive, ii) b — a is positive, or iii) b — a is zero. If the
notation a < b is used to mean “b — a is positive,” and a > b means b < a, then this
theorem reads, either a > b, a < b, or a = b. The proof—which you should do—is a simple
consequence of our axioms.

Some other consequences are

a<band b<c=a<c (transitivity of “<”)

a<band ¢c>0=ac<bc

a#0=a®>>0. (Since 1 =12, this implies 1 > 0).

The set of rational numbers as well as the set R of real numbers satisfy all twelve
axioms. Any set which satisfies these twelve axioms is called an ordered field.
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Exercises

(1) Let T be a set whose elements are of the form a+ b2, where a and b are rational
numbers (and so are elements of a field). Show that 7" is also a field.

(2) Consider the set of all integers Z with the following equivalence relation: m € Z
and n € Z are equivalent if they have the same remainder when divided by 2. The
notation for this equivalence is

m=n (mod2)

This equivalence relation partitions Z into two equivalence classes which we may
denote respectively by 0 if the number is even, and 1 if the number is odd . Thus

= —22 (mod 2) and 7 =13 (mod 2). Prove that the set Z with ordinary addition
and multiplication but with this equivalence relation forms a field.

(3) Prove the trichotomy theorem.

(4) Prove that if a # 0, then a® > 0. Use it to prove that 1 > 0 and then to conclude
that all of the 'positive integers” are, in fact, positive.

0.5 The Real Numbers: Completeness Property.

IIT. COMPLETENESS AXIOM.

So far our axioms do not insure that we can take fractional powers like the square root,
of an element of an ordered field S and still obtain an element of the same field. The issue
here is not merely that of fractional powers or other algebraic operations, but a more serious
one. Imagine the (as yet undefined) real number line. Although the rational numbers are
an infinite number of points on the line, there are many “holes” between the rationals. We
already know of one “hole” at /2, there is another at /3, at m, and at e. In fact, in a
sense which can be made precise, almost all of the points on the real number line represent
irrational numbers.

The completeness axiom is designed to eliminate the possibility of "holes” in the real
number line. It does so by more or less bluntly stating that there are no holes. This is the
“Dedekind cut” form of the completeness axiom. we have chosen it over other equivalent
axioms because it is easy to visualize—even though the “Cauchy sequence” form is perhaps
preferable for more advanced analysis courses. A definition is needed before the axiom can
be stated.

DEFINITION: Let S; and S5 be subsets of an ordered field S. Then the set S precedes
Sy if for every a € S; and b € Sy, we have a <b.

If you imagine the real number line, “.S; precedes So” should be thought of as meaning
that all of S is to the left of all of So. S; and S5 of course might touch, or might just
miss touching.

Completeness Axiom. Let S; and Sz be nonempty subsets of an ordered field S. If
S7 precedes Sy, then there is at least one number ¢ € S such that ¢ precedes Sy and is
preceded by Sj. In other words, there is (at least) one element of S between S; and Ss.
DEFINITION: The set of real numbers, R, is a set which satisfies the above axioms of algebra,
order, and completeness. Thus, the real numbers is a complete ordered field.

This type of definition of R amounts to saying “we don’t know or care what the real
numbers are, but in any event they have the required properties.” If we had used the
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Cauchy sequence version of the completeness axiom, we would have begun the rational
numbers—which we do know—and then defined the real numbers as the set of limits of
rational numbers. This would have been somewhat more concrete, but would have involved
the difficult concept of limit before we even get off the ground.

From the picture associated with the completeness axiom, we see that it exactly states
that the real number line has no holes, for - emotionally speaking—if there were a hole, let
S1 be the set of real numbers to the left of the hole, and S5 the s et to the right of the
hole. Then there would be no real number between S; and S, since the hole is there,
contradicting the completeness axiom.

Let us use the idea of the last paragraph to show that the rational numbers, an ordered
field, are not complete by exhibiting two sets, one preceding the other, which have no
rational number between them. Just let

Si={z:2>0,2°<2}and So = {z:2>0,2>>2}.

The only possible number between S; and Sy is /2 —which is irrational. This construc-
tion is just what we need to prove the following sample.

Theorem 0.1 FEvery non-negative real number a € R has a unique non-negative square
T00%.

PROOF: If a = 0, then 0 is the square root. If a > 0, let Sy = {x: 2 > 0,2? < a}
and Sy = {z: 2 > 0,22 > a}. We first show that neither S; nor Sy is empty. Since
(1+9) = 1—|—a+% > a, we know that (1+%) € S2,s0 So # 0. Also (1ig)2 < a (check
this) so that ﬁ € S1 and hence Sy # (). Because S; precedes Ss, by th2e completeness

axiom there is a ¢ € R between S; and S;. Notice that ¢ > 0, since ¢ is preceded by
St

It remains to show that ¢> = a. By the trichotomy theorem, either ¢? > a, ¢® < a,
or ¢ =a. The first two possibilities will be shown to give contradictions. If ¢? > a, since
a < (022%)2 < ¢?, we see that CQ;;“ € Sy an d precedes ¢?, contradicting the property
specified in the completeness axiom that ¢? precedes every element of So. Similarly the
assumption ¢? < a, with the inequality ¢? < (C%‘fa)z < a, leads to a contradiction. The

2 = @, which shows that ¢ is the desired positive square root

2

only remaining possibility is ¢
of a.

Let us now prove that the positive square root ¢ of a is unique. Assume that there
are two positive numbers ¢; and ¢z such that both ¢ = a and ¢3 = a. Then

0= c% — cg = (c1 — c2)(c1 + ¢2)

Since ¢1 + co > 0, we conclude that ¢; —ca =0, so ¢; = ca, completing the proof of the
theorem.

DEFINITION: The real number M is an upper bound for the set A C R if for every a € A,
we have a < M . The number p C R is a least upper bound (l.u.b) for A if p is an upper
bound for A and no smaller number is also an upper bound for A. Lower bound and
greatest lower bound (g.1.b) are defined similarly. A set A C R is bounded if it has both
upper and lower bounds.

Theorem 0.2 Fvery non-empty bounded set A C R has both a greatest lower bound and
a least upper bound.
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PROOF: Observe first that this theorem utilizes the completeness property in that without
it, there might have been a "hole” just where the g.l.b. and l.u.b. should be. Since the
proofs for the g.l.b. and l.u.b. are almost identical we only prove there is a g.l.b. Let

S1 ={x: x precedes A}, and Sy = A.

By hypothesis Sy # (). Since A is bounded, it has a lower bound m, m € S; so S; # 0.
By the completeness axiom, there is a ¢ € R between S; and S . It should be obvious
that ¢ is both greater than or equal to every element of 57, and less than or equal to every
element of Sy - so it is the required g.l.b.
DEFINITION: The closed interval [a,b] is the set {x e R: 0 <~ <}

The open interval (a,b) is the set {z € R: 0 <~ < }. All we can do is apologize for
the multiple use of the parentheses in notation. Please note that sets are not like doors.
Some sets, like (a,b) = {x € R: © <~ < } are neither open nor closed.

Theorem 0.3 (Nested set property). Let Ii,Is,... be a sequence of non-empty closed
bounded intervals, I, ={x: a, <x <by,}, which are nested in the sense Iy D Iy D I5...,
so each covers all that follow it. Then there is at least one point ¢ € R which lies in all of
the intervals, that is, c s in their intersection c € N7 I}, .

PROOF: Let S} = {z: = precedes some I,,, and so all I, k >n}

Sy = { x: z preceded by some I, and so all Iy, k > n}.
First, neither S; nor Sy are empty since a1 € S1 and b; € Sy . Thus by the completeness
axiom, there is at least one ¢ € R between S; and Sy. This ¢ is the required number
(complete the reasoning).

If the intervals I do not get smaller after, say Iy because ay = ay+1 = ...and
by = byy1 = ..., then the whole interval ay < x < by is caught by the preceding
argument. The more common case is there the ay ’s strictly increase and the by ’s strictly
decrease. This is what happens when approximating a real number to successively greater
accuracy by the decimal expansion. In the case of /2 for example,

L={z:1<z<2},

IL={x:14<z<15},

Is={x:141 <2 <142},

Iy={x:1414 <z <1415},

and so on, gradually squeezing down on /2 to any desired accuracy.
DEFINITION: The sequence a, € R, x = K ¥, .... of real numbers converges to the real
number c if, given any e > 0, there is an integer N such that |a, —¢| < € for all n > N.
We will then write a,, — ¢. [In practice no confusion arises for the use of — to denote
both convergence and mappings (cf. 1)].

Again ordinary decimals supply an example, for they allow us to get arbitrarily close
to any real number. We could have defined the real numbers as all decimals; however there
would be a mess avoiding the built-in ambiguity illustrated by 1.9999.... = 2.0000....

Theorem 0.4 Under the hypotheses of the previous theorem, if in addition the length of
I,, tends to zero, (b, —ay) — 0, then the number ¢ € R found is unique. Furthermore, if
ug € Iy for all k, that is if ar < ux < b, then up — ¢ too.

PROOF: Suppose there were two real numbers ¢ and ¢ in all of the intervals,

ar <c<b, and ap<é<b, forallk.
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Rewriting the second inequality as —by < —¢ < —ay , and adding this to the first inequality,
we find that ap — b < ¢ — ¢ < by — ag . Since both sides of this inequality tend to zero, if
¢ — ¢ # 0, we would have a contradiction.

To prove up — c, repeat the above reasoning with ¢ replaced by wu;. We find that
ap — b < ¢ —up < by —ag. Again both sides of this inequality tend to zero. Now let us
fiddle with the e, N definition of limit t o complete the proof. Since b, — a, — 0, given
any € > 0, there is an N such that |a, — b,| < € for all n > N . Thus for any € >0 and
the same N, |u, —c| < € for n > N, which is the definition of u, — c.

Theorem 0.5 BOLZANO-WEIERSTRASS. Every infinite sequence of real numbers {uy } in
a bounded interval I has at least one subsequence which converges to a number c € R.

PrOOF: This one is very clever and picturesque. Watch. Bisect I into two intervals [;
and I of equal length. At least one of I; or I, must contain an infinite number of the
{ug }’s. Continuing in this way we obtain a set of nested intervals I D I; D I D ...each
of which have an infinite number of the {wy}’s, and the length of I,, tending to zero.
From Theorem 3 we conclude that there must be a ¢ € R common to all of the intervals.
We must now select the subsequence { ug, } of the {wy}’s which converge to c. Since
each [, contains an infinite number of points of the sequence, we can certainly pick one,
say ug, € I, . Thissequence {ug, } satisfies the hypotheses of Theorem 4. Thus ug, — c.
REMARKS: 1. If we also assume I is closed, then we can further assert that c € I. If I is
not closed, ¢ may be an end point > I .

2. If a sequence uy converges to a ¢ € R, then every infinite subsequence wuy, also
converges, and to the same number c.

Theorem 0.6 . If the sequence {wuy} converges, it is bounded.

PRrROOF: Say wup — «, and let € =1 in the definition of convergence. Then there is an N
such that |u, —a| <1 for all n > N. Thus, when n > N,

[un| = |up — a+a| < |up — af + o <1+ |a

Therefore for any k the number |ug| is bounded by the largest of the N +1 numbers |u;],
|U2|, SRR |UN| and (1+|CL|)

The following theorem shows how to handle algebraic combinations of convergent se-
quences.

Theorem 0.7 If a, — «a and b, — (3, then
i) an+by, —a+p
i) anby, — af

ii1) = —>% if both by, #0, for all n, and if 6#0.
PROOF: Since the proofs are all similar, we only prove ii). Observe that
lanby, — aB| = [(anbn — aby) + (abn, — aB)| < |an — af |bn| + |alphal [b, — ]

By Theorem 6, the |b,|’s are bounded, say by B. Since a,, — a/, given any ¢ > 0, there
is an Np such that |a, —a| < 55 for all n > Ny, and since b, — (3, for the same ¢ there
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is an Na such that |b, — (| < fa‘ for all n > Ny . Thus, if n is greater than the larger of
N; and Ny, n > max(Ny, Na), we find that

€ €
anbp —af| < -+ -=¢
which does the job.
DEFINITION: The sequence ai, as,... of real numbers is said to be monotone increasing if
a1 < ag < ag < ..., and monotone decreasing a1 > as > ag > .... Both kinds are called

monotone sequences.

Theorem 0.8 Fvery bounded monotone sequence ai, as, ... of real numbers converges. In
other words, there is an aeR such that a, — o.

PROOF: We assume the sequence is increasing. The proof for decreasing sequence is iden-
tical. Since the sequence is bounded, by Theorem 2 it has a least upper bound acR. We
maintain a, — «. Given any ¢ > 0, we know that for all n, a, < a + ¢ because « is an
upper bound. Since a—¢ < a, and « is the l.u.b. of the sequence, we can find an N such
that a —e < ay . But then, because the sequence is increasing o —e < a,, for all n > N .
Thus for all n > N,a—¢ < a, < a—+¢; that is, |a, —a| < e for all n > N, proving the
convergence to «.

We shall close this difficult section with a wonderful procedure for computing the square
root of a positive real number. I use it all of the time. It is much easier to understand than
the hair-raising method taught in public school.

Theorem 0.9 For any positive real numbers A and ag the infinite sequence defined by

1 A
an+1 = =(ap, +—),n=0,1,2,..., (0-2)
2 an
is monotone decreasing and converges to \/A . Moreover, if we let b, = % , then the b, ’s
are monotone increasing and also converge to /A :

baﬁbzﬁ...SVAS...Sagﬁal

PrOOF: We first show that ai > A and that agq < ag,

1 A
aj — A= Z(ak—l +

1 A
)Q—A:E(ak,l—l—ak_lﬁzo,soaiZA.

ap — 1
From this, it is easy to see that axiq1 < ag, for

1 A az — A
ag — Agy1 = ag — Q(ak-i-CTk) = o

> 0.

Thus aq ZGQZ"'.Z\/Z.

That the ai converge is an immediate consequence of Theorem 8, since the sequence
{a3} isabounded (by A) monotone decreasing sequence. Denoting the limit by a, a2 — o,
the proof that o = A 1is identical to th e reasoning which gave a unique limit in Theorem
4.

Since b, = % , and the a,’s decrease and are > v/A, then the b, ’s increase and are
< +VA. This also shows that b, < a, . Since a, — VA, we have b, = a% — VA too.
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APPLICATION: We compute /8. Take ag = 3. Then a; = 3(3+ %) = &, and

6 Y
by = 8-% = % . Similarly, ag = %, b2 = % . This gives % <8< SOLZ , or in decimal

form
2.82842 < /8 < 2.82843,

astounding accuracy after only two steps. I carried the computations one step further and
found

2.828427124.... < /8 < 2.828427124 ... .,

where the dots indicate I gave up on the arithmetic, having obtained the exact value as far
as the approximation went. Digital computers use this method and related ones for similar
computations. It is particularly well adapted to them (and me) since only simple arithmetic
operations are involved.

This Theorem 9 gives another proof that every positive real number has a unique
positive square root. It is valuable to compare this proof with that of Theorem 1. The
main distinction is that the second proof just given is constructive it actually shows a
way to compute successive approximations to the square root of any number. However,
you are justified in asking how we ever found the procedure of equation (0.9) in the first
place. The secret is that this formula is a statement of Newton’s method for finding roots
of f(x) =0, applied to the particular function f(x) = 22 — A. See most calculus books
for more information about this method. Hopefully, we will have time to discuss this topic
later, for it is a constructive way o f proving the existence of a sought after object. The
standard existence theorem for ordinary differential equations is a close relative of Newton’s
method.

Exercises

(1) For the sequences defined below, find which converge, which do not converge but
do have at least one convergent subsequence, and which have neither. In all cases
n e Z+ .

an:%+1

(a)
(b) an =50
)

c) b,=c¢

(
(d) a, = 672n+1
) ap=1+n

£) ap=2+(-1)"

[§]

(
(

(g) anp =vn+1-—- \/’E
() an =555
(i) an = 7?7: (tough, isn’t it?)

)

(G) sn=143+5+g+ +.

(2) Prove that if a, — « and b, — 3, then (a, + b,) — o+ 3, where all the letters
represent real numbers.
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(3) a). Prove Bernoulli’s inequality
(I+h)">14+nh,h#0,h>—-1,n>2.

Here h € R and n € Z. I suggest proof by induction.
b). If s € R, use part a) to prove that

anzs”—>{ 0 %f 5

| 1
oo if |s 1.

| <
| >

[Hint: If |s| < 1, write |s| = ﬁ, h > 0, while if |s| > 1, write |s| =1+ h, h > 0].

0.6 Appendix: Continuous Functions and the Mean Value
Theorem

DEFINITION: : The function f(z) is continuous at the point xo if, given any € > 0, there
is a d(e) > 0 such that

|f(x) — f(x0)| < € when 0 < |z — z¢] < d(€).
REMARK: This may be rephrased as

lim f(z) = f(zo).

T—T0o

Note that either statement requires

(1) f be defined at x .

(2) lim f(z) exists.
T — Tp
T # X

(3) the limiting value of f at zy is equal to the defined value of f at xg.
If a function is discontinuous at zg, it has at least one of the four troubles

1) Jump discontinuity

Infinite oscillations

(1)
(2) Infinite discontinuity
(3)
(4)

4) Removable discontinuity.

Here are examples of each trouble at the point x =0.

W sm={ ;0I5
% x#0
(2) flz)= { anything, say 1, x =10
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1
_J sing x#0
(3) flz)= { anything, say 0, x =0

@ s ={ 7 27

Note that a function may oscillate infinitely about a point and still be continuous there.
This is illustrated by the everywhere continuous function

xsin% , +#0
O e

Theorem 0.10 [. If f(x) is continuous at x = ¢, and f(c) = A # 0, then f(x) will
keep the same sign as f(c) in a suitably small neighborhood of x = c.

PrOOF: : We construct the desired neighborhood. Assume A is positive. The proof if
A < 0 is essentially the same. In the definition of continuity, take ¢ = A. Then there is a
0 > 0 such that

|f(z) — Al <A when |z —¢| <9,

that is,
0 < f(zr) <2A, when |z —¢| <.

In other words, f(z) is positive in the interval |z —¢| < 4.

Theorem 0.11 II. If f(x) is continuous at every point of a closed and bounded inter-
val, then there is a constant M such that |f(z)] < M throughout the interval. Thus a
continuous function in a closed and bounded interval is bounded.

PROOF: : By contradiction. If f is not bounded, there is a sequence of points z, such
that |f(z™)| > n. From that sequence by Theorem 5 (Bolzano-Weierstrass) we can select
a subsequence x,, which converges to some point ¢ in t he interval, x,, — xo. Thus

|f (@ )| — o0

But we know from the continuity of f that |f(x,,)| — |f(z0)|. A contradiction.
Moreover, with the same hypotheses, we can conclude more.

Theorem 0.12 [II. If f is continuous at every point of a closed and bounded interval,
then there are points * = « and x = § in the interval where f assumes its greatest and
least values, respectively.

PROOF: : We show that f assumes its greatest value. The proof for the least value is
essentially identical. Let S be the set of all upper bounds for f. By Theorem II S is not
empty. Therefore by Theorem 2, S has a g.l.b., call it My . Since My is the greatest lower
bound of upper bounds for f, there is a sequence z;,, such that lim, o f(z,) — My. Use
Bolzano-Weierstrass to pick a subsequence x,, of the z, such that the x,, converges, say
to c¢. By continuity of f, limy, oo f(zn,) = f(x). Thus f(c) = My, so f does assume its
greatest value at x = c.

REMARK: This theorem refers to the absolute maximum and absolute minimum values.
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ExampLES: The following show that the theorem is not necessarily true if any of the
hypotheses are omitted.

(1) f(z)=2,0< 2 <1. Nomin. (interval not closed).

(2) f(z) =z, <0, and f(x) =
unbounded.)

ﬁ, all =, both have no min. (the interval is

| =, 0 <z < 3. Nomax. (function is discontinuous.)
® so={ 7, $355

Theorem 0.13 If f(x) is continuous at every point of a closed and bounded interval [a,b],
and if f(a) and f(b) have opposite sign, then there is at least one point ¢ € (a,b) such
that f(c) =0.

PrROOF: : Say f(a) < 0, f(b) > 0. We find one point ¢, “the largest x such that
f(x)=07". Let S={x€[a,b]: f(x) <0}.

Since f(a) < 0, S is not empty. It thus has a Lu.b., ¢. We prove that f(c) = 0.
Either f(c) > 0, f(c) < 0, or f(c¢) = 0. The first two possibilities cannot happen, since
by Theorem I, if they did, f would be positive (or negative) in a whole neighborhood of
c-violating the fact that ¢ is the L.u.b. of §.

Corollary 0.14 (INTERMEDIATE VALUE THEOREM). Let f(x) be continuous at every point
of a closed and bounded interval [a,b], with f(a) = A, and f(b) = B. Then if C is any
number between A and B, there is at least one point ¢, a < ¢ < b, such that f(c) =C.
Thus, f assumes every value between A and B at least once.

PRrROOF: : Apply Theorem IV to the function ¢(z) =C — f(z).
REMARK: The function may assume values other than just those between A and B. An
example is the function f(z) = 22, —1 < 2 < 3. The theorem requires that it assume all
values between f(—1) =1 and f(3) = 9. Besides those values , this function also happens
to assume all values between 0 and 1.

We can offer another proof of

Corollary 0.15 FEwvery positive number k has a unique positive square root.

PROOF: : Consider f(x) = 22—k, which is clearly continuous everywhere. Since f(0) <0,
and f(l—i—g) = (1+§)2—k = 1—1—% > 0, Theorem IV shows that f must vanish somewhere
in the interval 0 < z < 1+ % . This is the root. It is the unique positive square root, for
say there were two positive numbers  and y such that 22 —k =0 and y2 —k = 0. then
22 —y2=0. Thus, 0 =22 —3?> = (x—1)(z+y). Since z+y > 0, we conclude z —y =0,
or r=y.

Remark: It appears that if a function has the property of Corollary 1, the intermediate
value property, then it must be continuous. This is false. An example is given by the
discontinuous (trouble 3) function
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about the point © = 0. If a is any number < 0, and b any number > 0, then f(z)
assumes every value between f(a) and f(b), but f(x) is not continuous throughout the
interval since it is not continuous at =z = 0.

DEFINITION: The function f(z) has a relative mazimum (minimum) at the point zg, if,
for all x in a sufficiently small interval containing zy as an interior point, we have

f(x) < f(wo) (f(x) = f(x0)).

REMARK: By convention, we shall agree not to call the possible max (or min) at the end
point of an interval a relative max (or min). This does lead to the possibility of an absolute
max (or min) not being a relative max (or min). However, if the absolute max (or min)
does occur at an interior point of an interval, it is also a relative max (or min).
DEFINITION: The function f(x) is differentiable at the point xo if the following limit

L J@) = fa)

T—x0 T — xg

exists. There are the usual notations: f'(zq), %L , Df(xo).

de |
=10
Theorem 0.16 If f(x) is differentiable at xo, then it is continuous there.

PROOF: : Now if the limit

i @) = f(=o)

T—z0 T — Tg
exists, as we have assumed, then the numerator must approach zero as x tends to xg.
Thus f is continuous at xg .

Theorem 0.17 If f(x) is differentiable at xo and has a relative mazimum or minimum
at xq, then f'(xg) =0.

PROOF: : Assume f has a relative min at xg. Then for all = near zg, f(z) > f(xo).
(i)ifa:<m0w§0

T—ao
SO hm;zig %‘iézo) <0
(ii) if @ > @ {8=1E) > g
50 lime—ay 7“32:?;?0) >0

Tr>x0
Because the function is differentiable at xg, the two limiting values are f'(zg). Thus

f'(zy) <0 and f'(zo) > 0. Both statements can be true only if f'(xg) = 0. The trick here
was, the slope must be negative to the left, and positive to the right of xy. Since there is
a unique slope (the derivative) at ¢, the slope must be zero there. At a relative max., the
same proof holds with obvious modifications.

ExaMPLES: 1. Although the function f(z) = |z| has a relative minimum at = = 0, the
conclusion of the theorem does not hold since f is not differentiable there. Note that both
(i) and (ii) of the proof still do hold.

2. The differentiable function (for all z)

dsinl | x40

f(w)_{x 0" wlo

has an infinite number of relative max and min in any interval including the origin.
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Theorem 0.18 (ROLLE). If
(i) f(x) is continuous at every point of the closed and bounded interval [a,b]
(ii) f(x) is differentiable at every point of the open interval (a,b) and
(i) f(a)= f(b),

then there is at least one point ¢, a < c¢ <b, where f'(c)=0.

PROOF: : If f(z)= constant throughout [a,b], take ¢ to be any point in (a,b). Otherwise
f(z) must go either above or below (or both) the value f(a). Assume it goes above. Then
by Theorem III there is a point « = ¢ where f has its absolute maximum. Since we
assumed f(z) goes above f(a), the point = = ¢ is an interior point. Thus there is
a relative maximum. Since f is differentiable in (a,b), we may apply Theorem VI to
conclude that f/(c) = 0. If we had assumed f went below f(a), then there would have
been an absolute (and relative) min. etc.
REMARKS: 1. From the proof of the theorem, we see that if f has values both greater and
less than f(a), then there would be at least two points in (a,b) where f'=0.

2. You should be able to construct examples showing the theorem is not true if any of
the hypotheses are dropped.

Corollary 0.19 (MEAN VALUE THEOREM) If
(i) f(x) is continuous at every point of the closed and bounded interval [a,b] and
(ii) f(x) is differentiable at every point of the open interval (a,b), then there is at
least one point ¢ in (a,b) where

—a
PrOOF: : “Shift and apply Rolle’s Theorem”. In more detail, consider

r—a

b—a

Fx) = f(z) = f(a) - (f(b) = f(a)).

F(z) satisfies all of the assumption of Rolle’s Theorem. Therefore there is a point ¢ where
F'(¢) =0. Since

Fla) = f) - TU -1
at x = c, we have
P = 1O =10

REMARKS: 1. The function f(z) = |z| in the interval [a,b], a < 0,b > 0, shows what
happens if the function fails to be differentiable at even one point of the open interval (a,b) .
2. An alternative form of the conclusion is: there is a number 6, 0 < 6 < 1, such that

f®) = fla) = f'(a+0(b—a))(b - a).

This is because every point in the interval (a,b) is of the form a + 6(b — a), for some
f,0<0<1.

We shall now give some applications of the Mean Value Theorem. The first one is a
specific example, while the others have great significance in themselves.
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EXAMPLE: The function f(z) = ajsinz + agsin2z + becosx + ba cos 2z has at least one
zero in the interval [0,27], no matter what the coefficients aj, az,b; and by are. To show
this, we shall show f is the derivative of a function g(x) which satisfies the hypotheses of
Rolle’s theorem. This function g is just an anti-derivative of f: ¢'(z) = f(x)

b
g(x) = —acosx — %COSZZ‘ + by sinx + ésiHZx.

Since g is clearly continuous and differentiable everywhere, we must only see if ¢g(0) =
g(27) , which as also easy.

Theorem 0.20 If f(z) is continuous and differentiable throughout [a,b], and |f'| < N

€

there too, then the 6(¢) in the definition of continuity can be chosen as §(c) = « . This 0
works for every x in [a,b].

PROOF: : Use the form of the mean value theorem in Remark 2. Then for any points x, xg

in (a,b),
f(@) = f(zo) = f(&)(x — x0),

where T is somewhere between x and xy. Thus

[f(x) = f(zo)| < Nz — ol -
We see now that if 0(¢) = & , then for any ¢ >0,

|f(z) — f(zo)| <€ if |x — x| < 0.

Theorem 0.21 If f satisfies the hypotheses of the mean value theorem and if in addition
f'(x) =0 throughout (a,b), then f(x)= const.

PROOF: : Let x; and z2 be any points on (a,b). Then by the form of the mean value
theorem in Remark 2

f(x2) = f(@1) =0+ (x2 —21) = 0.

Thus f(x2) = f(x1) for any two points in (a,b), that is, f is identically constant.

Corollary 0.22 If f(xz) and g(x) both satisfy the hypotheses of the mean value theorem,
and if in addition f'(x) = ¢'(x) for all x in (a,b), then f(x) = g(x)+c, where ¢ is some
constant.

PROOF: : consider the function F'(z) = f(x)—g(x). It satisfies the hypothesis of Theorem
VII, so F(z) = ¢, ¢ constant. Thus f(z) —g(z) =c.

REMARK: Theorem IX is the converse of the theorem: “the derivative of a constant function
is zero.”

| A FIGURE GOES HERE |
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Exercises

(1)

(2)

3)

(10)

Look over all the theorems (and corollaries) here and be sure you can find examples
showing that the theorems are not true if any of the hypotheses are relaxed.

1, if x is a rational number

Let f(z) :{ 0

Is f continuous anywhere?

if x is an irrational number.

Let f(xz) be an everywhere differentiable function which is zero at = = aj,j =
1,2,...,n. Find a function which vanishes at least once between each of the zeros of

f.
Use Theorem VIII to find a é(e) for the given functions.

:c477, —2<z <3
=a2%sinz, —4<x <3

) [flx)
) flx)
(©) flx) =135, —2<2<1
) flx)
) flx)

(a) The function f(z) satisfies the following condition

3
|f(z) = flzo)| < 2]z — o]
for every pair of points z, z¢ in the interval [a,b]. Prove f(x) = constant in this

interval.

(b) Generalize your proof to the case when f satisfies
|f(x) = f(zo)| < clz — 0],
where ¢ > 0 is some constant and « is any number > 1.

Consider the function f(z) = 23, in the interval [—8,8].

Sketch a graph. Note that f(—8) = f(8) = 4 but there is no point where f' = 0;
which hypothesis of Rolle’s theorem is violated?

In a trip, the average speed of a car is 180 miles per hour. Prove that at some time
during the trip, the speedometer must have registered precisely 180 miles per hour.

Let P, := (x1,y1) and P, := (w2,y2) be any two points on the parabola y =
ar? +bx+c, and let P;:= (23,y3) be the point on the arc P;P» where the tangent
is parallel to the chord P;P,. Show that

T+ X2

T3 = 5 .

Prove that every polynomial of odd degree
P(z) = 2*" 4 agua®™ + - + a1z + ap
has at least one real root.

If f is a nice function and f’ < 0 everywhere, prove that f is strictly decreasing.
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0.7 Complex Numbers: Algebraic Properties

In high school, to be able to find the roots of all quadratic equations az?+2bz+c¢ =0,
we were forced to introduce the symbol i = v/—1, in other words, introduce a special symbol
for a root of 22 4+1 = 0. Before going any further, we should prove that no real number ¢
can satisfy ¢ +1 = 0. By contradiction, assume that there is such a ¢. Then necessarily
either ¢ >0, c <0, or c=0. If ¢ =0, we have the immediate contradiction that 1 = 0. If
c>0,0r ¢c<0,0<c?. Consequently 0 < c?+1 too, which again contradicts 0 = c? +1,
and proves our contention that no real number can satisfy 2?2 +1=0.

Observe that our proof also shows that if we introduce a new symbol for a root of
22 +1 =0, that symbol cannot be an element of an ordered field, for only the ordered field
properties of the real numbers were used in the above proof. we shall see that “” is an
element of a field, but not an ordered field.

It is difficult to overestimate the importance of complex numbers for all of mathematics,
both from an esthetic as well as from a practical viewpoint. With them we can prove that
every quadratic polynomial has exactly two roots (which may coincide). What is more
surprising is that every polynomial of order n

anx™ 4+ ap_12" P+ +ax+ag =0, a, #0,

has exactly n complex roots. This result, thefundamental theorem of algebra, was first
proved by Gauss in his doctoral dissertation (1799). It is one of the crown jewels of math-
ematics. The difficult part is proving that every polynomial has at least one complex root,
from which the general result follows using only the “factor theorem” of high school alge-
bra. Later on in the semester we shall discuss this more fully and offer a proof. It is not
simpleminded, for the proof is non-constructive pure existence proof, giving absolutely no
method of finding the roots. Perhaps we shall even prove some more exotic results.
Having gotten carried away, let us retreat and obtain the algebraic rules governing the
set C of complex numbers. In order to reveal the algebraic structure most clearly, we shall
denote a complex number z by an ordered pair of real numbers: z = (z,y), z,y € R.
Thus C is R x R with the following additional algebraic structure.
DEFINITION: If z; = (21,y1) and 2 = (22,y?) are any two complex numbers, then we
define

Addition: 21+ 20 = (v1 + 22, 11 + ¥2) ,
and
Multiplication: 21 - zo = (T122 — Y1Y2, T1Y2 + Y122) -

Equality: z; = 2o if and only if both 21 = x5 and y; = ¥

Thus, the complex number zero—the additive identity—is (0,0), while the complex
number one—the multiplicative identity—is (1,0). Using the fact that the real numbers
R form a field, we can now prove the

Theorem 0.23 The complex numbers C form a field.

PROOF: Since the verification of the field axioms are entirely straightforward we give only
a smattering. Note that we shall rely heavily on the field properties of R. Addition is
commutative:

21 + 29 = (21,91) + (9527112) = (z1 + x2, y1 +¥2)

0-3
= (22 + 21, y2 + Y1) = (22, 92) + (21,91) = 22 + 21. ©3)
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Additive identity:

04+2=(0,0)+(z,y) = (0+2z,0+y) = (z,y) = 2.

~

Multiplicative inverse: For any z € C, z # (0,0), we must find a Z = (z,9) € C such
that zZ = 1, that is, find real numbers Z and ¢ such that (x,y)(Z,9) = (1,0). Using
the definition o f complex multiplication, this means we must solve the two linear algebraic
equations

xz—yy=1

y§:+xg):0} Ty ER,

for £ and § € R. The result is

A P T Y
z2=(z,9) = , .
We will denote this multiplicative inverse, which we have just proved does exist, by % or
-1
z7.
It is interesting to notice that complex numbers of the form (z,0) have the same
arithmetic definitions as the real numbers, viz.

(:L'l, 0) + (1‘2, 0) = (."L‘l + Z2, 0)

(.%'1, 0)(.%'2, 0) = (:B1£C2, 0).

We can easily verify that all complex numbers of this form (z,0) also form a field,
a subfield of the field C. On the basis of these last two equations, we can identify a real
number z with the complex number (z,0) in the sense th at if we perform any computation
with these complex numbers of this form, the result will be the same as if the computation
had been performed with the real numbers alone. Thus, numbers of the form (z,0) € C are
algebraically equivalent to the numbers x € R. The technical term for such an algebraic
equivalence is isomorphic, much as a term for geometric equivalence is congruent. After
identifying the real numbers with complex numbers of the form (z,0), we can say that the
field of real numbers R is embedded as a subfield in the field of complex numbers, R C C.

After all this chatter, let us at least convince ourselves that every quadratic equation
is solvable if we use complex numbers. First we solve 22 4+ 1 = 0, which may be written
as (z,y)(z,y) + (1,0) = (0,0), or as the two real equations z? — y? = —1, 22y = 0 .
The last equation says that either x = 0 or y = 0. Now if y = 0, we are left to solve
22 +1=0, z € R, which we know is impossible. Therefore z = 0 and then y? = 1. Thus
the two complex numbers (0,1) and (0,—1) both satisfy 2?4+ 1 = 0. The general case,
az® + bz +c =0 is easily reduced to the special one by completing the square.

One by-product of the above demonstration is that we see it is foolhardy to try to define
an order relation on C to obtain an ordered field. This is because the equation z2+1 =0
cannot be solved in any ordered field, as was shown earlier, whereas we have just solved it
in C.

Observe that every (x,y) € C can be written as

(z,y) = (2,0)(1,0) + (y,0)(0, 1),

where the complex number (0,1) is called the imaginary unit and is denoted by i. If we
now utilize the isomorphism between the real number a and complex numbers (a,0), the
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last equation shows that (z,y) may be thought of as x + iy . Thus, we have obtained the
usual notation for complex numbers. From our development, the algebraic role of i as the
symbol for the imaginary unit (0,1) is hopefully clarified. The number z is called the real
part, and y the imaginary part of the complex number z = x+iy. In symbols, z = Re{ z }
and y=Im{z}.

Our introduction of complex numbers suggests a geometric interpretation. We have
defined complex numbers C as ordered pairs of real numbers, elements of R x R, with an
additional algebraic structure. Since the points in the plane are also elements of R x R, it
is clear that there is a one to one correspondence between the complex numbers and the
points in the plane. If we plot the point z = (z,y), the real number |z|, the “absolute
value or modulus of z” is the distance of the point z from the origin. Its value is computed

by the Pythagorean theorem
|z] = Va2 +y2.

Here are several formulas which are easily verified:

|z122| = |21] + |22]
|| < [2],[y] < |2] (0-4)
|21 + 22| < |z1| + |22| (triangle inequality)

If the line joining the point z to the origin is drawn, the angle 8 between that line
and the positive real (= x) axis is called the argument or amplitude or z. The absolute
value r and argument 6 of a complex number determine it uniquely, since we have

z=r(cosf +isinf) (0-5)

This is the polar coordinate form of the complex number z. Note that conversely, z
determines its argument only to within an additive multiple of 27 . This observation will
prove of value to us shortly.

Associated with every complex number, z = x + 7y there is another complex number
Z =x — iy, the complex conjugate of z. It is the reflection of z in the real axis. Probably
the main reason for introducing Zz is that we can solve for z and y in terms of z and Z:

zZ+z z2—Z
xr = e
2 Y
Again some simple formulas:
‘§|:|Z|7 ’2’2: ‘22:’22' (0—6)
(21 + 22) = 21 + 22, (Z122) = Z122

To illustrate the value of this notation, let us leave the main road to prove the interesting
Theorem 0.24 . If the complex number ~ is a root of the polynomial
P(t) = ant™ + an_1t"" L + - + art + ao,

where the coefficients ag,aq,...,a, are real numbers, then 7 is also a root of P(t). In
other words, the roots of real equations occur in conjugate pairs.
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PROOF: Since 7 is a root, the complex number

P(y)=aY"+ -+ a1y +ao

is zero, P(y) = 0. This implies that its conjugate is also 0, P(y) = 0. By using equations
(0.7), we have that
P(y) =ay" + -+ a7 + av,

since the coefficients a; are real, a; = a; . Thus

0="P(y) =a¥"+ a7 +ao = P7),

that is, the complex number 7% is a root of the same polynomial.

Now if the proof looks like it was done with mirrors, go over each step carefully. This
type of reasoning is somewhat typical of modern mathematics in that it yields information
about an object (the roots of a polynomial in this case) without first obtaining an explicit
formula for the object.

After this digression let us return and find a geometric interpretation for the arithmetic
operations on complex numbers. First, addition. The three points z1,2z9 and z; + 2o
together with the origin determine a parallelogram. (check this). Thus addition of complex
numbers is sometimes called the parallelogram rule for additions. Given the points z; and
zo, the point z; + 29 can be constructed using compass and straight-edge. Subtraction is
just z1 + (—z29).

Multiplication is much more difficult to interpret geometrically. We shall use equation
(0.7) and write z; = |z;| (cos§; +isiné;),j = 1,2. Then

2122 = |21 (cos 01 + isinBy) |z2| (cos Oz + isin b)
z129 = |z122] [cos 01 + 02) + isin(01 + 62)]. (0-7)

Thus the product of z; and 2, has modulus |z122| and argument 6; + 63 : multiply the

moduli and add the arguments. This too may be carried out using compass and straight-

edge. Since % = ‘Z—lﬂ(cos 02 — isinfy), division reads

ﬂ ﬂ [COS(Hl — 02) + iSin(el - 92)])

22

22

so the moduli are divided while the arguments are subtracted.
We will exploit the multiplication formula (0.7) to find all n complex roots of the
specific polynomial
Z"=A,

for any A € C. This equation is one of the few whose roots can always be found explicitly.
The trick is to write A in its polar coordinate form

A = |Al [cos(a + 2km) + isin(a + 2k7)],

where « is the argument of A and k is any integer. Although we get the same A no matter
what k& is used, as was observed following equation (0.7), we shall retain the arbitrary k
since it is the heart of the process we have in mind. From equation (0.7) we see that

1 2k 2k
n n
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in the sense that for any value of the integer k, (A%)" = A. As k runs through the integers,
we get only n different angles of the form ‘”nﬂ , since the other angles differ from these
n angles by multiplles of 2w . For each of these1 n different angles we obtain a different
complex number A=» . These n numbers for A» are the desired n roots of z" = A. It
is usually convenient to obtain the angles by letting £k =0,1,2,...,n — 1, although any n
integers which do not differ by multiples of n will do.

An example should help clear the air. We shall find the three cube roots of —2, that

is, solve 23 = —2. First,

—2 = 2[cos(m + 2km) + isin(7w + 2km)],
since the argument of —2 is 7 while its modulus is 2. Thus, the roots are

2k 2k
2:2%[cosﬂ%+isinﬂ%], kE=0,t1,ta...

There are only three values of z possible, no matter what k’s are used. These three
cube roots of —2 are ) ) )
k=0,3,6,...21 = 23[cos(Z) +isin(%)] = 23 (5 —H?) k=1,4,7,...29 = 23[cos(m) +

isin(m) — 23
k=258, .23=2

ol
ot
ol

+1

N

[cos(3F) + isin(3F)] = 23( ).

[l

It is time-saving to observe that the n roots of unity, that is, of 2™ =1, can be written
down immediately by utilizing the geometric interpretation of multiplication. All of the
roots have modulus 1, and so must lie on the unit circle |z| = 1. Bisecting the circle into
n equal sectors by the radii, the first beginning on the positive x-axis, we find the roots of
unity, wj;, at the n successive intersections of these radii with the unit circle. The roots

wj, j =1,2,3, of 23 =1 are illustrated in the figure as the intersections of § =0, § = %’T ,
and 6 = 4T with |2] = 1. Thus w; = cos0 + isin0 = 1, wy = cos & + isin 2 =
—% +i§,w3 :cos%”%—isin%” = —% —i@.

Exercises

(1) Express the following complex numbers in the form a + bi .
_ i)2

1
2+1)(3—1)

~—~~

=

2—1

144
14214

P+ it 42T

)
)
()
(d) 3%
)
)

(2) Compute the absolute values of the complex numbers in Ex. 1.
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(3) a) Add (1+414) and (1 + 2¢) using compass and straight-edge.
b) Multiply (1+14) and (14 2i) using compass and straight-edge.

(4) Express in the form r(cosf +isinf), with 0 <6 < 27:

(a) ¢

(b) 2i

(c) —2i

(d) 4

(e) —1

(f) =141
(g) (1—1i)
®)

(i) 3(vV3+1i)

(5) Determine the

(a) three cube roots of i,—i, and of 1+1,
(b) four fourth roots of —1 and +2

(c) six roots of 25 =1.

(6) Let A be any complex number, A = |A|[cosa + isina], and let wi,...,w, be the
n roots of z" = 1. Prove that the n roots of 2" = A are

1 1 1
zZ1 = Anwl, Z9 = Anwg,...zn = Anwn,

where
A = |A]% (Cosg + ising)
n n

is the principal nth root of A. This shows that the problem of finding the roots of
a complex number is essentially reduced to the simpler problem of finding the roots
of unity.

(7) Draw a sketch of the following sets of points in the complex plane.

(a) {z€C: |z—2|<1}
(b) {z€C: |z—1+1i] <2}
(c) {z€C: |z—2|>3}
(d) {zeC:1<|z—-2|<3}
(e) {zeC:1<|z4+1] <2}
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0.8 Complex numbers: Completeness Properties, Complex
Functions.

We have just considered the algebraic properties of complex numbers. Now we look at
infinite sequences of complex numbers. To develop the desired properties of C, we shall
utilize those of R.
DEFINITION: The sequence z, of complex numbers converges to the complex number z if,
given any € > 0, there is an N such that |z, — z| < € for all n > N . We shall again write
Zn — Z.

In order to apply the theorem known for real sequences to complex sequences, the
following is vital.

Theorem 0.25 Let z, = xp +tyy, and z=x +iy. Then z, converges to z if and only
if both the real and imaginary parts converge to their respective limits. In symbols,

Zn — 2 <= T, — T and y, — .

PROOF: Since z, — z, given any € > 0, we can find an N etc. for the z,’s. Now by
equation (0.7)
|zp, — x| < |z — 2| <€ and |y, —y| < |z — 2| <€

so both z, -z and y, — y.

Conversely, given any € > 0, we can find an Ny for the x,’s and an Ns for the y, ’s.
Let N be the larger of N; and Ny, N = max (Nj, N3). This N works for both the z,
and vy, . But

|2n — 2| = |20 + iyn — & —iy| < |z — x| + |yn — y| < 2e.

Therefore z, — z, completing the proof.

This theorem states that a definition is equivalent to some other property. We could
thus have used either property as a definition.

Recall that the real numbers were defined so that there would be no“hole” in the real
line. This was the completeness property. It guaranteed that if a sequence of real numbers
an “looked like” they were approaching a limiting value, then indeed th ere is some a € R
such that a, — a. The issue here was to avoid the problem of a sequence of rational
numbers approaching an irrational number—which is a “hole” if our set just consisted of
the rationals. One consequence of the las t theorem is that the set of complex numbers C
is also complete.

Theorem 0.26 . FEvery bounded infinite sequence of complex numbers { zx } has at least
one subsequence which converges to a number z € C. (By bounded, we mean that there is
some 1 € R such that |zi| <r for all k).

PROOF: Since the {z;} are bounded, we know {zj} and {y;} are also bounded se-
quences of real numbers. The conclusion is now a consequence of the Bolzano-Weierstrass
theorem 5 applied to {z;} and {yx}, and of theorem 12 just proved. There is a fine
point though: how to get a subsequence of the z; whose real and imaginary parts both
converge. The trick is first to select a subsequence {zy, } = { Rezy; } of the {z)} which
converge to some x € R. Then, from the related subsequence {yx, } = { Imz, }, select
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a subsequence {yg, } which converges to some y € R. Then {my, } also converges to
z €R so 2z, — 2z, and we a re done.

With these technical results under our belts, sequences in C become no more difficult
than those in R.

Let us briefly examine the elements of functions of a complex variable. A complex-
valued function f(z) of the complex variable z is a mapping of some subset z U C C
into the complex numbers C, f: U — C. Two examples are f(z) = 22, and f(z) = %
Both the domain and range of f(z) = 2% are all of C, while the domain and range of
f(2) =1 are all of C with the exception of 0.

If f maps R — R, like f(z) =1+ 2 or f(z) = €”, since R C C, one asks how
the domain of definition of f can be extended from R to C. Of course there are many
possible ways to do this, but most of them are entirely artificial. For f(z) =1+ z, the
natural extension is f(z) = 1+%, z € C. Similarly, if P(z) = Ziv:o apx® is any polynomial
defined for x € R, the natural extension to z € C is P(z) = chvzo apz® . We are thus led
to extend f(z) =e® for x € R, to z € C by defining f(z) = e%. The only problem is that
we have absolutely no idea what it means to raise a real number, e, to a complex power.
Taylor (power) series are needed to resolve this issue. This will be carried out at the end
of Chapter 1.

Continuity of complex functions is defined in a natural way. Let zg be an interior point
of the set U C C (that is, zp is not on the boundary of U ).

DEFINITION: The function f: U — C is continuous at the interior point ageU if, given
any € > 0 thereis a 6 >0 such that |f(z) — f(20)] <€ forall z in 0 < |z— 2| <9.

Reasonable theorems like, if f and g are continuous at the interior point zgeU , so is
the function f+4 g, are true too - with the same proof as was given for real-valued functions
of a real variable.

Although we could go on and define the derivative and integral for complex-valued
functions f(z) of a complexr variable, the development would take too much work. For
our future purposes, it will be sufficient to define the derivative and integral of a complex-
valued function f(x) of the real variable x. The first step is to split f(z) into its real
and imaginary parts, that is, find real valued functions u(xz) and v(z) such that f(x) =
u(z) +iv(z) . This decomposition ¢ an always be done by taking

(o) = LT ) S0+ TG
Since u(z) = u(z) and v(z) = v(x), both u(z) and v(z) are real-valued functions. It is

clear that f(z) = u(z) +iv(zx).

ExAMPLE: For the functions f(x) =1+ 2ix, we have f(x) =1— 2ix, so

u(z) = (1 + 2iz) ; (1 2iz) _ 1 o(z) = (1 + 2iz) — (1 — 2ix)

— 2.
2 v

as expected.
Because f(x) is a complex number for every x in the domain where f is defined, we

[f (@) = Vur(z) + v*(x).

With this notion of absolute value, the definitions of continuity and differentiability read
just as if f were itself real-valued. For example
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DEFINITION: : The complex-valued function f(x) of the real variable x is differentiable
at the point z if
o 1)~ fa)

T—2T0 T — X

exists.
A more convenient way of dealing with the derivative is supplied by the following

Theorem 0.27 . The function f(z) = u(z)+iv(x) is differentiable at a point xy if and
only if both u(x) and v(x) are differentiable there, and

ﬁ_ du . dv

dr  dr | dz’
PRrROOF: We shall use Theorem 12. Let {z, } be any sequence whose limit is z¢. Define
the sequences {ay, },{a,}, and {8,} by

_ fzn) = f(20)
n — Ty — T )

ea) ~ulzo) | vlen) (e
Tp —To " Tn — T0

Qan = .
We must show that lim,, . a, exists if and only if both limits lim,, .. o, and lim, . Gp
exist, for the existence of these limits is equivalent to the existence of the respective deriva-
tives. But notice that a, = o, + i3, , since

o Jan) = J(x) _ ulen) iv(en) = (u(ro) tiv(ao) o
Tp — X0 Tn — T

Thus we can appeal to Theorem 12 to conclude that lim a,, exists if and only if both lim «,
and lim 3, exist. The formula f’ =’ + v’ is an immediate consequence since

an — f'(z0), an — u'(z0), and B, — v'(x0)

EXAMPLES:
a)If f(z)=1+2iz, L =241+id2s =2
b) If f(6) = cos 76 + isin 76 + 20 — 0>
Y = 4120 4 cos 70) + i L [—62 + sin 70] = 2 — Tsin 76 + i[—26 + 7 cos 76)]
A related result which is even easier to prove is

Theorem 0.28 . The complex-valued function f(x) = u(x) + iv(x), zeR is continuous at
xo€R if and only if both w(x) and v(x) are continuous at xg .

PROOF: An exercise.

Integration is defined more directly.
DEFINITION: Let f(x) = u(z) + iv(z), zeR. If the real-valued functions w(z), and v(x)
are integrable for zela,b], we define the definite integral of f(x) by

/abf(a:)da: _ /{lbu(x)dﬂc+i/(lbv(x)dm.
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The standard theorems, like if ¢ is any complex constant, then

A%@Mm

are proved by using the definition above and the corresponding theorems for real functions.
We shall, however, need the more difficult

b b b
/cf(a:)dx:c/ f(x)dz, and, if a <b, §/ |f(x)| dzx

Theorem 0.29 . If the complez-valued function f(t) = u(t)+iv(t), teR, is continuous for
all tela,b], then there is a constant K such that |f(t)| < K for all te[a,b]. Furthermore
if x, zo€ela,b], the n

[ r0al <Kol (08)
o
Notice that the left-hand side absolute value is in the sense of complexr numbers.

PROOF: Since f(t) is continuous in [a,b], by Theorem 15 so are both u(t) and v(¢). But
a real-valued function which is continuous in a closed and bounded interval is bounded.
Thus there are constants K; and Ky such that |u(t)] < K, |v(t)| < Ky for all te[a,b] .

then
|F(6)] = Vud(t) + v2(t) < \/mz K.

To prove the inequality (0.29), we use the inequality mentioned before the theorem to see

that if zg <z
| s dt\ < [l

/LMNﬁgKu—my

Since |f(t)] < K, we find that

Combining these last two inequalities, we obtain the desired inequality (0.29) if 2y < z.
The other case, x < xg, can be reduced to that already proved by observing that

[} == [Lrova] =

Exercises

/ f(t)dt‘ <K |zg—z| =K |x — x0| .
o

(1) In the complex sequences below, which ones converge, which do not converge but
have at least one convergent subsequence, and which do neither? In all cases n =
1,2,3,....
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4+61)n—>5
(1) =n = o5

(2) Write the following complex-valued functions f(z) of the real variable z as f(z) =
u(x) 4+ iv(x), where v and v and real-valued.

(
(a) Fla) =i+ 23— 20)a”,
(b) f(z) = (14 2ix)?
(c) f(z)=cos3x® — (3 +4)sinx
(d) f(@) = 19r%

(3) (a) Use the definition of the derivative to compute % for the function in Exercise 2a
above.

(b) Find % for all the functions in Exercise 2 above.

(4) Evaluate
(a) [°,(1+ 2iz) do
(b) ff‘[m + (1 —4) cos 2z] dz



Chapter 1

Infinite Series

1.1 Introduction

In elementary calculus you have met the notion of the limit of a sequence of numbers (see also
Chapter 0, sections 5 and 7). This concept of limit is just what essentially distinguishes
calculus from algebra. It was crucial in the definition of the derivative as the limit of a
difference quotient and the integral as the limit of a Riemann sum. We now propose to
discuss another limiting process, infinite series, in detail.

An infinite series is a sum of the form

[e.9]
Zak:al—l—ag—i-ag-i-"', (1-1)
k=1

where the ay’s are real or complex numbers. Since there is no added difficulty we shall
suppose the ai’s are complex numbers. One immediate trouble is that it would take us an
infinite amount of time to add an infinite sum. For example, what is

(@) Yopoyl=1+1+14+1+--- =7

(b) >poyl=1-1+1-1+1-1--- =7

D

Thus, we are faced with the realization that be sum (1) is not really well defined, even
in cases where we feel it might make sense.

Our first task is to give a more adequate definition. Let S, be the sum of the first n
terms:

n
Sn::a1+a2+---+an:§:ak.
k=1

Then for each n, we have a complex number S, , called the n'* partial sum of the series
(1).
DEFINITION: If lim, o Sy, = S, where S is a (finite) complex number, we say that the
infinite series converges to S . If the sequence Si,S2,S53,... has no limit, we say that the
infinite series diverges.

For the examples given just above, we have

(a) S, =>.11=n— oo so the infinite series diverges to oo .

(b) Sy = S0 (—1)™+! = { 1 n odd,

} . which does not have a limiting value since
0 n even,
it oscillates between 1 and 0.

33
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(€) Sp=>7 2k r=2(1— —n) — 2, so the infinite series converges to the number 2
(we found the sum of the series by realizing it is a simple geometric series:
1 — N+l
1+7’+r2+-~—|—7’N:71 ) for (r #1).
—-r

With an adequate definition of convergence of infinite series, it is clear that we should
develop some tests for determining if a given series converges. That will be done in the next
section. In preparation, let us examine some simple types of series which occur often and
prove a few useful theorems.

There are two types of series whose sums can always be found, and for which the
question of convergence is exceedingly elementary.

DEFINITION: An infinite geometric series is a series of the form

Zark =a+ar+ar’+---
k=0
The partial sums are

_ Tn+1

1
Sn:a+ar+---+ar”:a17 for (r #1).
—r

Theorem 1.1 The infinite geometric series » p- ar®, a # 0, converges if and only if
|r| < 1. Then the sum is % .

PROOF: lim, .o, 7" exists only if |r| < 1. Then the limit is zero so lim, .o, Sy = 1%
(the non-convergence when |r| =1 follow from Theorem 6, p. 7)

EXAMPLES:
(a) Y22, (1+1i)* diverges since |1+i|=+2>1.
(b) 352 o(H4)* converges since }%! = @ < 1. The sum of this series is 1+7.
(c) >opoq1 diverges since |1| =1.
(d) S92, (=1)* diverges since |—1|=1.
DEFINITION: An infinite telescopic series is one of the form

o0
Z ap — 1) = (0 — o) + (e — as) + (s —aq) + -+ .
k=1

It is clear that most of the terms cancel each other.
Theorem 1.2 If ay — «, then Y ;o (g — apy1) = a1 — .
PROOF: S, = (a1 —ag) + (e —ag) + -+ (ap — Qpt1) = @1 — apy1 — a1 — .

EXAMPLES:
1 1 1 1 1
(a) Tg 23 t3z+ Zk 1kk+1) =21 (F — ) =1
1 1 1 1y _ 1
(b) Tttt =3 Zk 1(2k: 1 2k+1) -3
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We close this section with some reasonable (and desirable) theorems. The proofs are
immediate consequences of the definition of convergence of infinite series and the related
theorems about limits of sequences of numbers.

Theorem 1.3 . If Y 72, ar — a, and c is any number then > ;- cap — ca.
Theorem 1.4 If Y} _ja; —a and > ;_ bk —b, then > ;_ (ar +bx) —a+b.

Theorem 1.5 Let ap = oy + if, where oy and [y are real. The infinite series Y ay
converges if and only if the two real series Y ay and Y. P both converge. That is, an
infinite complex series converges if and only if both its real and imaginary parts converge.

PROOF: We must look at the partial sums. Let o, =Y a, and 7, = > ;_; 5. Then

n n
Sh —Zak ZCvk—i-iﬁk)zzak-f—iZﬁn:Un—i-iTn.
k=1 k=1 k=1

But we know from Theorem 12 of Chapter 0 that the complex sequence S, converges if
and only if both its real part, o, , and imaginary part, 7, , both converge—in other words,
if the series Y ax and > B both converge.

Two remarks should be made in an attempt to mitigate some confusion. First, the index
k of the series 3 ;7 a; could have been any other letter. Thus » 32 ax = > 72, a;. This
is perhaps indicated most clearly if we left an empty box instead of using any letter at all:
. The connecting line means that the same letter must be used in both boxes. Now you
can fill in any letter that makes you happy. No matter w hat you write, it still means
a1 + as + asz + - -- . In a similar way, the index need not begin with 1. Thus, for example,
Y opeq Ak = Y peq7Gk—16 = a1 + az+--- . Although this manipulation looks like unwanted
silliness here, it is sometimes quite useful. Later on this year you will need it. The related
transformation for integrals is illustrated by

3 2
1 1
/dt: ——_dt.
o 1 L t+1

Exercises

(1) Find a closed form expression for the n'” partial sum of the following infinite series
and determine if they converge.

(@) 242+ 2+ +%+---=ZZ‘213%-

(D) 14+i+@ 43+ +i"+ -

(C> 2l+3l+4l+ 212%:2212(%711)!_%)
(d) nj+mnZ+Ind+. A In(Ge)

(&) Yo <374%>
(1) Yo, 28
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(2) The repeating decimal 1.565656 - -- can be written as

56 56 56 =1
-+ — 4+ — 4+ ...=14+56 S
102 Tt T T * kzzl(lo?)

1+

Sum the geometric series and find what rational number the repeating decimal repre-
sents. In a similar way, every decimal which begins to repeat eventually is a rational
number. What rational number is represented by 1.47237

(3) A ball is dropped from a height of 20 feet. Every time it bounces, it rebounds to %
of its height on the previous bounce. What is the total distance traveled by the ball?

(4) If Y2 ar —a and > ;2 by — b, and if o and [ are any numbers, prove that
Y rey (aag + Bby) — ca+ Bb.

(5) If ap >0 and > a, converges, prove that Zé diverges.
(6) Does the convergence of > > a,, imply the convergence of > 7, (ay, + ant1)?

(7) (a) If the partial sums of > a, are bounded, and {b,} is a strictly decreasing
sequence with limit 0, b, \, 0, prove that > a,b, converges.

(b) Use (a) to prove that if Y >°, na, converges then so does the series Y o2 ay .

sin nx
= -

(c) Use (a) to discuss the convergence of » >,

1.2 Tests for Convergence of Positive Series

Tests to determine convergence are of several types, i) those that give sufficient conditions,
ii) those that give necessary conditions, and iii) those that give both necessary and sufficient
conditions. Theorem 1 of the last section governing geometric series was of the last type;
however it is more common to find convergence tests of the first two types since they are
usually easier to come by. You should be careful to observe the nature of a test . A simple
theorem should make the point clear.

Theorem 1.6 . If the series > o | ar, —where ai may be complex—converges, then
lim |a;| = 0.

PRrROOF: Let S, =aj;+ag+---+ay,. Then |a,| =S, — Sp—1]. As n — oo both S,, and
Sp—1 tend to the same limit, so |a,| — 0.

Returning to the point made before, this theorem states a necessary but not sufficient
(as we shall see) condition for an infinite series to converge. We can apply it to see that
> k—il diverges—since T«]& — 1 0. Thus this theorem is useful as a quick crude test to
Weed out series which diverge badly. But all it tells us about the series > 72, k —for which
+ — 0 so the criterion of the theorem is satisfied—is that it might converge. In fact, this

k
series diverges too, as we shall now prove.

il 1+5 T I I P A
k_k_ 3 45 8 9 16 17 32
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ISR PR U I L
24 48 8 ' 16 16 ' 32 32

—1+1+1 + + L + L +
- 2 2 2 2

Thus S1 = 1, Sy = l—i-%, Sy > l—i-%—i-% = 1+2~%, Sg > 1+3-%, Sig > 1+4-%,...,Sgn >
1+n- % We can easily see that as n — oo, Son — 00, so the series > %, called the
harmonic series, diverges.

For the many series which slip through the test of Theorem 6, more refined criteria are
needed. The criteria we shall present in the remainder of this section are for series with
positive terms, a, > 0. Application of these criteria to series with complex terms will be

made in the next section.

N | —

Theorem 1.7 . If ap > 0 for each k, then the series Y po,ay converges if and only if
the sequence of partial sums is bounded from above.

PRrROOF: Since all the ag’s are non-negative, S,+1 > S, . Thus the S, ’s are a monotone
increasing sequence of real numbers. By Theorems 6 and 8 of Chapter 0, this sequence S,

converge if and only if it is bounded.

ExAMPLE: The series E,;“;l % of positive terms converges, since

SO

1 1 = 1
Sn=d <) ma < =2
k=1 k=1 k=0
The convergence now follows since 5, is bounded from above.

We can extract an exceedingly useful idea from these examples: check the convergence
of a given series by comparing it with another series which we know to converge or diverge.

Theorem 1.8 . (COMPARISON TEST) Let Y ax and Y by be two positive series for which
ar < b for n> N . Then

i) if > by converges, so does »_ ay .

i) if > ay diverges, so does Y bg.

PROOF: Let s, =3 ' nyqar and t, =0 g by Then s, <t, forall n> N, so i) if
t, — t, then s, is bounded (s, <t),ii)if s, — oo, then ¢, — 0o too.

REMARK: The “n > N” part of the hypothesis reflects the fact that it is only the infinite
tail of an infinite series that we need to worry about. Any finite number of terms can always
be added later on.

EXAMPLES:

(&) Yoy ﬁ converges since 1

ﬁ < 5 and Zzik converges.
(b) > 2, ﬁ diverges since ﬁ >4 (for k>1)and >+ diverges.

Our next test is based upon comparison with a geometric series » r™.
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Theorem 1.9 . (RATIO TEST) Let > a, be a series with positive terms such that the

following limit exists
lim an+1

n—0o0 QA

=1L

Then
i) if L <1, the series converges
ii) if L > 1, the series diverges
ii1) if L =1, the test is inconclusive.

REMARK: If the assumed limit does not exist, a variant of the theorem is still true but we
shall not discuss it.
Proor: i) If L < 1, pick any r, L < r < 1. Then there is an N such that for all
n > N, az—:l < r. Therefore a, < ran—1 < r2ap_9 < ... < r”*Na,N, so that a, <
Kr",n > N, where K > %% . The series )2 a, = ZnN;f an + Y 0o N Gn consists of a
finite sum plus an infinite tail which is dominated by the geometric series > Kr™. Since
r < 1, the geometric series converges and by the comparison test, so does Y a, .

ii) If L > 1, then a,y1 > a, forall n > N; thus lim, o an, # 0. By Theorem 6, the
series Y a, cannot converge.

iii) This is seen from the two examples.

(a) > %, with lim,— oo aZ:1 = lim;, . 5%y = 1, which we know diverges.

(b) > ﬁ, with limy, e “25 = limy, o0 % =1, which we know (Theorem
2, Example a) converges.

In both these cases L = 1. You should notice that the criterion uses the limiting value
of apt1/an. The divergent harmonic series > %, whose ratio n/n + 1 is less than one
for finite n, but 1 in the limit shows the mistake you will make if you use the ratio before

passing to the limit.

EXAMPLES:

(a) X % Since limn_,oo(‘lg—:l) = limy oo (=255) = limy,o %H = 0 < 1, the ratio is

(n+1)!
less than one so the series converges.

(b) > 10°: Since limnaw(“zzl) = limnqoo(nl—fl) = 0 < 1, the series converges.

(c) & Since limy, o0 (“224) = limy, oo (L) = 00, the series diverges.

Our last test for series with positive terms is associated with a picture. The crux of the
matter is very simple and clever. We associate an area with the infinite series » | a, .
For the term a, we use a rectangle between n < x < n + 1 of height a, and base one.
Then the sum of the infinite series is represented by total area under the rectangles. Now
by Theorem 7, if all the a, ’s are positive we know the series converges if the total area
is finite. Thus, if we can find a function f(x) whose graph lies above the rectangles, and
whose total area is finite, then we know the area contained in the rectangles is finite and so
the series converges.

Theorem 1.10 . (INTEGRAL TEST) Let y > .a, be a series of positive decreasing terms:
0 < apnt1 < an, and f(x) a continuous decreasing function with f(n) = a, . Then the
sequence

N N
S’N:Zan and TN:/ f(x)dx
n=1 1
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either both converge or both diverge, in fact, Sy —a1 < Tn < Sy_1.

PROOF: First of all,

/1Nf(a;)dx:/12+/23+...+/NNlzgfﬂf(x)dx.

Since in the interval n <z <n +1 we know that

an = f(n) > f(z) > f(n+1) = an41,

we see that

n+1

n n+1
an:/ +1f(n)dx2/ ’ f(:n)dmZ/ f(n+1)dx = apy1-

N-1 N-1 .pi1 N-1
an > / f(z)dz > Z Ant1
n=1 n=1"Y" n=1
or
N-1 N N
Gp 2> / f(CC) dr > Zan
n=1 1 n=2
Thus

Sy-1 2Ty > Sy —ar.

From this last inequality, we see that lim,, — ocoTy is finite if and only if lim, .. Sn
is finite. Since the sequences Sy and Tx are both monotone increasing sequences, by
Theorem 7 the sequences converge or diverge together. And we are done.

EXAMPLES:
(a). >0, -L converges if p > 1, diverges if p < 1. We use the function f(z) = %

n=1 nP P
which satisfies the hypothesis of the theorem, and examine the integral

N Nl=P_1
TN:/ idmz 1=p »p7 L .
4 InN , p=1

As N — 00, InN — oo, and so does N'~P if p < 1, while N'=P — 0 if p > 1. Therefore
Tn converges if and only if p > 1, so by our theorem » °, % converges if and only if

p > 1. In the special case p = 1 we have again proven that the harmonic series Z%

diverges. Another often seen special case is p =2, > n% , which converges. Sometime later

. 2
we shall prove the amazing > >° n—lz =%
(b) 2%, L diverges since as N — oo, fZN 9 —In(InN) —In(ln2) — oo

n=2n lnn z In 2

Exercises

(1) Determine if the following series converge or diverge.

(a‘) Z'ZOZI n2];‘,—1
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(2)
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21 o

Yoy ne™""

(b) Yoli ms
(©) >oi1 m
(d) Y021 1om
() >nts e
() Xolionrs
(8) Yoo, esn
(h) 02, ¥y
)
)
(k) o2 m
1) o2y o
(m) Yoz, [l lanl < 10

Yoo nPe", peR

If a, > 0 and b, > 0 for all n > 1, and if there is a constant ¢ such that a, < cb, ,
prove that the convergence of > b, implies the convergence of > a, .

Use the geometric idea of the integral test to show lim, o[l + 3 + -+ + 2 —Inn]

converges to a constant v, and show that % <y <1. 7 is called Fuler’s constant.

an
1+an

If > a, converges, where a, > 0, prove that ) also converges.

(a). If > a, converges, where a, > 0, and ¢, have the property 0 < ¢, < K, the
same K for all n, then prove that > c,a, converges.

(b). Deduce the result of Exercise 4 from Exercise 5a.

Use the geometric idea behind the integral test to prove that

(a). Inn!=Inl14+mm2+In3+---+Inn> ["Inzder=nlnn—n+1 when n > 2.
From this deduce that

(b). n!'>e(2)", when n>2.

(c). As an application of (b), prove that lim,_. % =0.

(a). Use the idea in the proof of the divergence of the harmonic series, ) % , to prove
the following test for convergence: Let {ay, } be a positive monotonically decreasing

sequence. Then ) a,, converges or diverges respectively if and only if the “condensed”
series Y 2"agn converges or diverges.

(b). Apply the test of part (a) to again prove that »_ nip converges if p > 1, and
diverges if p<1.

(c). Apply the test of part (a) to determine the values of p for which the series
Yo, n(lnln)P converges and diverges.
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1.3 Absolute and Conditional Convergence

The tests just given for series with positive terms can be applied to many series with complex
terms a, by utilizing the concept of absolute convergence.
DEFINITION: The series » .-, ar, where the a; may be complex numbers, converges
absolutely if the series of positive numbers > 77, |ag| converges. It is called conditionally
convergent if Y 7 | aj converges but > 77, |ax| diverges.

Absolute convergence is stronger than ordinary convergence because

Theorem 1.11 . If > >°, |ay| converges, then Y 2 a, converges.

PROOF: Let ay = ay, + i3, . We shall show that the real series Y «,, and > 3, both
converge. Then by Theorem 5 > a, converges too. To show that ) «, converges, let
Cn = Qp + |an|. Since |ay| < /(a2 + 32) = |an|, we know that 0 < ¢, < 2|a,|. Thus
the positive series »_ ¢, is bounded, > ¢, <2> |a,| <infty, and so converges by the
comparison test (Theorem 8). Since > ayn =Y (¢n —|anl|), and both > ¢, and > |a,|
converge, then ) a,, also converges by Theorem 4. Similarly, by taking d,, = G, + |an|,
the series Y d, converges, from which we can conclude that > 3, converges.

EXAMPLES:
. ; -2 -3 ‘n .
(a) The complex series 1% + 57+ 35+t =2, 5 converges absolutely since
in—1 s .
| = # and the positive series » 7, n—12 converges.

(b) 1—|—i—i—i—|—2i5—l—i—i—2%—l—--- , which is the geometric series Y 5% with
negative signs thrown in, converges absolutely since 2% converges.

(c) >>r™ r complex, converges absolutely if Y |r|" converges, that is, if |r| < 1.

(d) 1- % —l—% - %4—% =0 (712:&1 , the alternating harmonic series does not converge
absolutely because Z% diverges. It does converge though, as we shall see shortly.

Thus the alternating harmonic series is conditionally convergent.

On the basis of this last theorem, many complex series can be proved to converge by
proving they converge absolutely. Since absolute convergence concerns itself with series
having only positive terms, all the tests for convergence developed in the previous section
may be used. This is the most common way of proving a complex series converges. If it
does not converge absolutely, the proof of convergence will usually be more difficult and use
special ingenuity based on the particular series at hand.

There is one case of conditional convergence which is easy to treat, that of alternating
series.

DEFINITION: A series of real numbers is called alternating if the positive and negative terms
occur alternately. They have the form

Z(—l)nflan =ay—ay+az3—aqg+---,

n=1

where the a, ’s are all positive.
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Theorem 1.12 . The alternating series > oo (—1)"tay, a, > 0, converges if i) the ay,
are monotone decreasing (ayn “\, ), and i) lim, ocan, =0. If S is the sum of the series,
the inequality

0< |S—SN| < an41 (1—2)

shows how much the N™ partial sum differs from the limit S . In words inequality (2)
says that the error which results by using the first N terms is less than the first neglected
term any1 .

PRrROOF: The idea is quite simple. Observe that since a,, \,, S2p, —Son_2 = aop—1—az, >0,
so the So,’s increase. Similarly the So,11’s decrease. Also both sequences are bounded—
from below by Se and from above by S; (you should check this). Therefore by Theorem
8 Chapter 0, the bounded monotonic sequences S, and So,4+1 converge to real numbers
S and S respectively. Let us show that S = 5.

S —S = lim Sopy1 — lim Sy, = lim (Sony1 — Son) = lim agpq =0

Thus the alternating series converges to the unique limit S. All that is left to verify is
inequality (2). Because Sa, is increasing and Sa,+1 is decreasing, we know that

Son < S and S < Sopi1
Therefore
0<S— 5y, < Soumt+1 — Son = azn+1 and 0 < Sop—1 — 5 < Sop—1 — Son = agp.
These two inequalities are the cases N even and N odd in (2).

EXAMPLES:

00 —1)n—1 . S .
(a) E _ ) converges since 1t 1s an alternatlng sequence and 1 decreases mono-
n=1 n n

tonically to zero. Later we shall show that its sum is In2.

co (=)™ . 1 .
(b) > .2, ma- converges since - decreases monotonically to zero.

(=1)""'n

. 1S not zero.

(c) Yonzi(=1)"~' 2y diverges by Theorem 6 since lim, o

Exercises

(1) Determine which of the following series converge absolutely, converge conditionally,

or diverge.

(a) oo, S

(b) Sop2, &3

(c) Tpe, ZE

(d) Yoy (~1)n-then

(@ 1=g+g—g+g—gm+ti—grtg—
() 02y s
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n—1
() o2 t:lm
(i) Yoo, B p >0,
)n2
() Sozy (-0
k) >, COS"G , 0 arbitrary.

(2) If > a, and ) b, are absolutely convergent, and « and [ are any complex numbers,
prove that > (aa, + Bby) also converges absolutely.

(3) Show that > >°, nz" converges absolutely if |z < 1.

(4) Show that for any 6 € R, then > > cosnf diverges, and that if 6 # 0, £m, 27, ...,
then > >°  sinnf also diverges.

1.4 Power Series, Infinite Series of Functions

As you will all agree, the simplest functions are polynomials. With infinite series at hand,
it is reasonable to consider an “infinite polynomial”

o
ao+ a1z + asz® +aza® + -+ = E anz"

Because of the appearance of the powers of z, this is called a power series. The question
of convergence of a power series is trivial at z = 0, for then we have only the one term ag .
Does this series converge for any other values of z ;| and if so, for which ones?

The answer depends on the coefficients a,, , but in any case, the set of complex numbers,
z € C, for which the series converges is always a disc |z| < p—with possibly some additional
points on the boundary |z| = p—in the complex pane bC'. This number p is called the
radius of convergence of the power series. We shall first prove that the set z € C for which
a power series converges is always a disc. Then we shall give a way of computing the radius
p of that disc.

Theorem 1.13 . The set z € C for which the power series > a,z" converges is always
a disc |z| < p, inside of which it even converges absolutely. We do not exclude the two
extreme possibilities that the radius of this disc is zero or infinity.

The series might converge at some, none, or all of the points on the boundary of the
disk |z| =p.

Proor: We shall show that if the series converges for any ( € C, then it converges
absolutely for all complex z with |z| < [(]. If ( =0, there is nothing to prove, so assume
¢ #0. Because Y a,(" converges, lim, o |a,("| — 0. Thus all the terms are bounded
in absolute value, that is, there is an M such that |a,("| < M for all n. Then, since

ancn

<n

lanz"| = for all n,

<o)
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n

the series Y |a,2"| is dominated by M) . But this last series is a geometric series

z

¢
which does converge since |z| < |(], so ‘f‘ < 1. Thus by the comparison test »_ a,z"
converges absolutely for all z € C with |z| < |(].

Therefore, if the power series > a,z" converges for some complex number (, then it
converges in the whole disc |z| < [(|. The radius of convergence p is then the radius of
the largest disc |z| < p for which the series converges.

See Exercise 3 for examples concerning convergence on the boundary of the disk.

Let us now give a method of computing p which covers most cases arising in practices.

QAn41
Qn

n

Theorem 1.14 . If lim,

convergence p = % if L#0,00 if L =0. In other words, if L # 0 the series converges
in the disc |z| < + and diverges if |z| > 7. On the circumference |z| = 1/L, anything
may happen (see Exercise 3 at the end of this section). If L = 0, the series converges in
the whole complex plane.

= L exists, the power series Y anz"™ has radius of

PRrOOF: This is a simple application of the ratio test. The series converges if the limit of

an+lzn+1
anpz™

the ratio of successive terms lim,, s ‘ is less than one and diverges if it is greater

than one. Thus we have convergence if

An+1%2 1
lim |5 = 2| L < 1, ie. if |2 < =,
n—oo | Gy L
and divergence if
An+12 1
lim |2 = 2| L > 1, de. if 2] > —.
n—oo | ap L

REMARK: In the one additional case |4+t

— 00 as n — o0, the series diverges for every

|z| # 0, as can easily be seen again by the ratio test.
EXAMPLES:

(a) Y02 z" converges where limp oo [2"71/2"| < 1 that is; for [z] < 1.

n n+1 n
(b) >oo”y %+ converges where lim, .o % ni-| < 1. Since
lim (n+1)z”+1/nz” — lim (n+1)z _ ‘f
n—00 on+l1 2n n—o00 2n 217
the series converges for all |z| < 2.
(c) S20°,Z%; converges where lim, .o %/% < 1. Since
n+1 n
lim 27/2’— = lim |— =0,
n—oo | (n+ 1)!" n! n—oo |n 4+ 1

the series converges for all z € C, that is, in the whole complex plane.
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(d) >o2,nlz" converges where lim, .o % < 1. But
1)1+l
lim (n+ D" = lim |[(n+1)z| = o0

unless z = 0. Thus the ratio is less than one only at z = 0, so the series converges
only at the origin.

Only minor modifications are needed for the more general power series
oo
ag + a1(z — 20) + az(z — 20)* + -+ = Zan(z —20)",
n=0

where ag € C. Again the series converges in a disc in the complex plane, only now the disc

has its center at zy instead of the origin, so if the radius of convergence is p, the series

converges for |z — zg| < p. An example should make this clear.

Z—20)"
n

EXAMPLE: ) >, ( . By the ratio test, this converges when

I (z — 20))"Ht (2 —2i)"

<1,
n—00 n-+1 n

that is, when |z — 2i| < 1. This is a disc with center at 2i and radius 1.

A few words should be said about real power series > an(x — x¢)" where both z and

xo are real (some people only use this phrase if the a,, are also real). This is a special case
of Y an(z —20)" where 2y is on the real axis and we only ask for what real z the series
converges. However we know that > a,(z — 2z9)" converges only for those z in the disc
of convergence |z — z9| < p—and possibly some boundary points. Thus the real values of
z for which the series Y a,(z — z9)™ converges are exactly those points on the real axis
which are also inside the disc of convergence of the complex power series. In particular the
series > ap(z — xo)"™, with both = and xzy real converges for |z — x| < p, i.e., in the
interval g —p <z <x9+p.
ExaMPLE: For what = € R does > o0 5 (z — 1) converge? The related complex series
> o3 (2 — 1)" converges in the disc |z — 1| < 2. The points on the real axis which are
in this disc are |x — 1| < 2, whichis —1 <z < 3. A direct check shows the series diverges
at both end points x = —1 and = =3. If > a, and ) b, both converge, can we define
their product in a meaningful way

S a)(X ) =S en?
n=0 n=0 n=0

and if so, does the resulting series converge? The most simple-minded approach is to insert
powers of z (a bookkeeping device), giving (> a,2™)(>_ by2™), try long multiplication and
see what happens. A computation shows that

(ap + a1z + azz® 4 -+ )(bo 4+ b1z + bez® + -+ ) = agbo + (agby + a1bo)z

+(agby + aiby 4 agbo)z® + - + (aghy + a1by_1 + -+ + apbo)z" 4 - -
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Motivated by this, we make the following
DEFINITION: The formal product, called the Cauchy product, of the series > a, and >_ b,
is defined to be

o

(Z an)(z by) = Z Cn
n=0 n=0

where

n
cn = apbp + azbp1 + -+ apby = Z agbn .
k=0
With this definition we shall answer the question we raised about multiplication of
power series.

Theorem 1.15 . If Y ja, =A and >.,” b, = B both converge absolutely, then the

Cauchy product series
(Z an)(z bn) = (Z Cn)a
n=0 n=0 n=0
where

oo
Cp = Z akbnfk:;
k=0

also converges absolutely, and to C = AB.

PrOOF: Let Ay = Y jan, By = N by, and Cy = 3N ¢, . We shall show that by
picking N large enough, |[AxyBy — Cn| can be made arbitrarily small. Since AyBy —
AB, this will complete the proof. Observe that

C = agbo + (aob1 + arbo) + - + (agby + -~ +anbo) = » > asby,
while
N N
ANBy =(ag+ - +an)(bo+- +by) =D > a;bs.
j=0 k=0
Therefore
N N N N
|ANBy — Cn| = Z ajbe| <Y la) |bxl -
0 k=0 j=0 k=0

Since j+ k > N, either j > N/2 or k>N/2,so

N N
|ANBy = Cn| <> ) " ay] [bx| +Z Z |aj] [bg] -

N
j>% k=0 J=0 k>4

Because the original series both converge absolutely, they are bounded,

©.°] oo
> laj| < M and > |b| < M.
§j=0 k=0

Consequently,
|AvBy = Cn| < M(D lagl+ Y [bil).

N N
]>7 k>?
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Again using the absolute convergence of the original series, we see that for N large,
the right side can be made arbitrarily small.

Since we shall need the ideas later on, let us digress briefly and examine the convergence
of infinite series of functions, » wu,(z). In the special case where uy,(z) = an(z — 20)",
this is a power series. Generally, there is little one can say about the convergence of such
series except to apply our general tests and hope for the best. We shall only illustrate the
situation with two

EXAMPLES:

(a) >0y CO;QG , where 6 is any real number. This converges for all 6 since it converges
absolutely, that is > + ‘COS—Q"G‘ converges. We can see this last statement is true

by comparing »_ + ‘COS—Q"G‘ with the larger convergent series (since |cosnf| < 1)
o 1

Zn:l n2
(b) >0, ne™ . By the ratio test, converges if lim, oo |(n + 1)e("™1)® /nen®| < 1. Since

n+1
n

e’ =e*,

= lim
n—oo

lim |(u+ 1) )7 /pen=

n—oo

the series converges if e* < 1, which happens only when = < 0.

Exercises

(1) Find the disc of convergence of the following power series by finding the center and
radius of the disc.

(a) ZZO:O nil
(b) Y02, &2
)

00 in_ . n—1
ano n—1%7

Yo o(n+1)[z =24 3"

C

(
d

)
)

oo (2z43)™
(e Zn:O n2-+2i
() Yoo ma?"?

(2)

(h) Yoz, Zi-(0r=1)
@ Z?zozo(zin‘k?,inzn
§ '
(k
1

ZOO 2%n
n=0 (2n)!

)
)
)
) Ynzen"(z—1)"
)
)

—~

(m
(n

(2) Find the set = € R for which the following series converge.

2nzo T
Sonto( + ) (2 — V20)"

n



48 CHAPTER 1. INFINITE SERIES

(&) >olo (xn_zi)n
(b) > oo 5"
(c) Xnto (55"
(d) Xnige ety
()

(f
(g

Zoo 2" (sinx)™

n=0 n

2nzo(1+€m)"
2nzo(1—em)"

(3) The point of this exercise is to show that a power series might converge at some, none,
or all of the points on the boundary of the disk of convergence.

)
)

(a) Show that Y 2 2" diverges at every point on the boundary of its disc of con-

vergence.

(b) Show that » >, nz—:l diverges for z = 1 but converges for z = —1 (in fact, it
converges everywhere on |z| =1 except at z =1).

(c) Show that Y 2, ﬁ converges at every point on the boundary of its disc of
convergence.

(4) If > anz" diverges for z = ¢ € C, prove that it diverges for all z € C with |z| > [(].

(5) For what z € C does Y 7 ﬁ converge? Find a formula for the nth partial

sum Sp,(z). Evaluate lim,_ .o, Sp(2). Is the limit function continuous?

(6) Let Y 02y P(n)anz" have radius of convergence rho, and let P(n) be any polyno-
mial. Prove that Y 2 P(n)a,z" converges and also has p as its radius of conver-
gence. (By P(n) wemean P(n) = Apn* + Ap_1n* 14+ + Ain + Ag).

1.5 Properties of Functions Represented by Power Series

" converges in some disc, |z — 2| < p, it

Having found that a power series Y a,(z — 29)
is interesting to study the function f(z) defined by the power series for z in the disc of

convergence

f(z) = Zan(z —20)", |z — 20| < p.
n=0

It turns out that functions f(z) defined by a convergent power series are delightful, as
nicely behaved as functions can be. In particular, they are not only continuous, but also
automatically have an infinite number of continuous derivatives and many other amazing
properties.

This section will be devoted to proving the more elementary properties of functions
represented by power series, while in the next section we will begin with given functions,
like sinx, and see if there is a convergent power series associated with the m, as well as
showing a way of obtaining the coefficients a,, of that power series. The profound theory
of functions represented by convergent power series is called analytic functions of a complex
variable.
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DEFINITION: A function f(z) of the complex variable z is said to be analytic in the disc
|z — 20| < p if f(z) can be represented by a convergent power series in that disc:

f(z) = Zan(z —20)", |z — 20| < p.
n=0

Since we have not developed the notion of the derivative, dd—é, of a complex valued
function f(z) of the complex variable z, nor have we considered the corresponding theory
of integration, [ f(z)dz, the scope of our treatment will regrettably have to be narrowed.
However our proofs will have the property that as soon as an adequate theory of differen-
tiation and integration is given, the theorems and proofs remain unchanged.

Instead of considering power series in the complex variable z, we shall restrict our
attention to series in the real variable x

f(x) = anl(z —w0)", o — 20| < p, (1-3)
n=0

still allowing the coefficients a, to be complex. Thus, f(z) is a complex-valued function
of the real variable x. The definitions of derivative and integral for such functions were
given in Section 7 of Chapter 0. We shall use that material here . Our aim is the following:

Theorem 1.16 . Suppose that Y 7 anx™ has radius of convergence p > 0 (possibly oo ).
Then

(a) the function f(x) defined by

00
@)= ana™, Jal < p,
n=0

has an infinite number of derivatives;

(b) the series Yo% na,x™ 1 has the same radius of convergence p and

o0
fl(z)= Znan:c”*l, |z < p,
n=0

and

(c) the series y ,rf‘—ﬁlx"*l has the same radius of convergence p, and
T o a
t)dt = =

[ roa=30 00

REMARK: If we omit f(x) from the picture and write (b) and (c) directly in terms of the
infinite sum, we find

2"t |z < p.

/ d G ny __ - n—1
(b) %[Z apz"] = Znanx
and - -
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These two statements are usually abbreviated “a power series may be differentiated
term by term” and “a power series may be integrated term by term” within their domain
of convergence (these statements are not generally true for an arbitrary infinite series of
functions 3 un(x), see Exercise 4 below). The generalization to Y ° an(x —z0)" is
obvious.

Our proof will be given in several parts. We begin with the Lemma 1. Under the
hypothesis of the theorem, f(x) is continuous for all & with |Z| < p. PROOF: (This is a
little dull). Given any e > 0, we must find a 6 > 0 such that

|f(z) — f(Z)] < € when |z — | <.

Let us write fy(z) = YN  anz™ and Ry(z) = > N4l anx™, so that f(z) = fy(z) +
RN (:B) .

Observe that |f(z) — f(2)] = |fx(2) — (@) + Bu(@) - Rn(@)] < () — fn(@)] +
|Bn(z)| + [Bn(Z)]

We shall show that each of these three terms can be made < § by picking z close
enough to £ and N -which is entirely at our disposal- large enough.

First work with Ry(x) and Ry(Z). Choose r such that |Z| < r < p. This is to
insure that we stay away from the boundary |x| = p where the series may diverge. Then
Yoo lanr™| converges absolutely, say to the number S. If we let Sy = Zév lanr™|,
we know that by picking N large enough, Z%H lanr"| =S — Sy < §. But |Ry(z)| =
|Z]°V°+1 an®™ <Y N4 ]anx”H , so that if |z|+ < r, by using the same N found above, we

have
o

[Ry(z)] < ) lanr”| = S — Sy <
N+1

€

3

Since by the definition of r we know |Z| < r, this also proves that for this same
N |Rn(%)| < §. Thus by restricting |z| < r, we have seen that both |Ry ()| and |Ry(Z)|
can be made less than .

Having fixed N, fy(z) is a polynomial -which we know is continuous. Thus there is a

d, > 0 such that
~ € ~
|[fn(z) — fn(Z)] < 3 when |z — 2| < 4.

This shows that |f(z) — f(Z)| < € if = is in the intersection of the intervals |z| < |Z| <
r < p)and |r — Z| < d;. That there is some interval contained in both of these intervals is
easy to see since both contain all points sufficiently close to . And the proof is completed.
As you have observed, the proof involves no new ideas but is rather technical.

With this lemma proved, we know that f(x) is continuous -and hence integrable. Thus
we can work with [ f(¢)dt. Our next task is to prove a portion of Part (c) of Theorem
16.

Lemma 1.17 If Y °  anx™ has radius of convergence p > 0, then

o0

an  pp1_ [°
§n+1x —/0 f(t)dt for all |z| < p.

PRroOOF: We shall show that

= N
Qp n+1
/0 f(t)dt—g)on + (1-4)
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can be made arbitrarily small by choosing N large enough. Write

Zant"—i— Z ant”.

n=N-+1

Then since we can integrate any finite sum term by term, we have

z N a: r 00 N x 00
/ f(t)dt:Zan/ t”dt+/ [ ) ant™dt =) anlmnﬂz/ [ ) antdt,
0 n=0 0 O n=N+1 =t 0 n=N+1

so that (4) reduces to showing that

/ Z ant™ dt

n=N-+1

can be made small by choosing N large. The idea here is to apply Theorem 16 of Chapter
0. This means we need to estimate the size of the above integrand. By now you should
recognize the method. Because |x| < p, we can choose an r such that |z] < r < p.
Then Zanr” is convergent so its terms are bounded, say M > |a,r"| for all n, that is,
|an| < . Therefore, since |t| < |z|, we find the inequality

oo 00 oo M
Yoant"| <Y laalt]" < Y Ll

N+1 N+1 N+1

N M|z|

But the last series is a geometric series whose sum is ‘ ‘ . Thus

>

N+1

<

‘NMISCI

T—x

Applying Theorem 16 of Chapter 0, we find that

/ Zant" ) dt

0 N1

. N
Qa
tydt —y — gt
‘/0 ) Zo:n—klx

Since }%} < 1, we know that ‘%‘N — 0 as N — oo, which completes the proof of the
lemma.

Incidentally, all we have left to prove of part ¢ of the theorem is that the radius of
convergence of the integrated series is no larger than p (since the lemma shows it is at least
p ). But this will have to wait until after

[z ML

r—x

that is,
)x‘NM|x|2
— 4l r—x

Lemma 1.18 If > a,z™ has radius of convergence p, the series obtained by formally
differentiating term by term, Y na,z" "', has the same radius of convergence.
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REMARK: This lemma does not say that the derived series is equal to the derivative of the
function defined by the original series. It only discusses the radius of convergence, not the
relationship of the functions represented b y the two series.
PROOF: Let p; be the radius of convergence of > na,z" !. First we show that p; < p. If
Y nan,z™"! converges for some fixed z, then so does 3 na,z™. But the terms of this last
sequence are larger than those of ) a,z™ since |na,z™| > |a,z™|. Thus by the comparison
test > anpz™ also converges for that =, which shows p; < p.

To show that p < p;, assume Y a,z™ converges for some z and choose r between |z|
and p, |z| <7 < p. Asin the proof of Lemma 2 we find that |a,| < M7~". Then the terms

~1
. . . n_l . . . M |x‘ n
in the series > ‘nanx ’ are smaller than the corresponding terms in ) n<-"" . By

the ratio test this last series converges, since |z| < r. Thus the derived series > na,x
also converges, showing that p < p; and completing the proof of the lemma.
Now we can complete the proof of part ¢ of Theorem 16.

n—1

Corollary 1.19 If > anz™ has radius of convergence p, then the series obtained by for-
mally integrating term by term, Tf—ﬁ:ﬂ"“ also has radius of convergence p .

PROOF: The series > anz™ is the formal derivative of the series ) %x”“ , and we have
just seen that these two series have the same radius of convergence.
We shall next prove part (b) of Theorem 16 as

Lemma 1.20 f(z) =) 7 anz" has radius of convergence p >0 then

ﬁ:i[? anx"] = 500 na,z" !

de  dz " " ’
n=0 n=0

and this series also has radius of convergence p .

PrOOF: In Lemma 3 we proved that the radii of convergence are the same. What we must
prove here is that the derivative of the function is given by the derivative of the series.
This is a more or less immediate consequence of Lemma 2, for let us apply this integration
lemma to the function g(x) defined by

g(x) = z:nanscn_l7 lz| < p.
n=1
Then we find that -
/ g(t)dt = Zanx” = f(x) —ao, |z| < p.
0 n=1

By the fundamental theorem of calculus, we can take the derivative of the left side, and it
is g(z). Thus

that is,
oo
d
n—1_ 2
Znanx == (z).
n=1

This incidentally also proves the otherwise not obvious fact that f(x), only known to be
continuous so far (Lemma 1) is also differentiable.



1.5. PROPERTIES OF FUNCTIONS REPRESENTED BY POWER SERIES 53

To complete the proof of Theorem 16, we must prove Lemma 5. If the power series

> anz" converges for |z| < p, then the function f(z) defined by f(z) = > 07, ana”
has an infinite number of derivatives. The derivatives are represented by the formal series
obtained by term-by-term differentiation.
PROOF: By induction, Lemma 4 shows us that f(z) has one derivative. Assume f(z) has
k derivatives. We shall show that is has k4 1. Let f*)(2) = 3 b,z™ be the series for the
k" derivative of f. Applying Lemma 4 to this series we find that f*)(x) is differentiable.
This proves that f has k+ 1 derivatives and completes the induction proof.

ExAMPLES: (a) We know that
1
— n __ 2 3
T—?_E(%)_l—t+t—t+~‘
n=0

where the geometric series converges for |t| < 1. Applying the theorem, we integrate term
by term to find that

z 9 e (_1)n . xn+1
In(1 = ——dt = -_ <1
n(l+a) = | s Yo lel<t,
n=0
or 2 3 4 5
x T T T
I(l+2) =2 — 5+ o — = —

2 3 4 5

Thus the function In(1 + z) is equal to the power series on the right. With a little
more work we can prove that the series, which converges at x = 1, converges to In(1+ 1)
and obtain the following interesting formula.

1 1 1 1

n2=1-—=+-
. 537175

The power series for In(1 4+ ) can be used to illustrate the possibilities of computing
with infinite series. If 0 < 2 < 1 the series for In(1 + x) is a strictly alternating series to
which we can apply inequality (2) of Theorem 12. For this series it reads

k

0< 1n(1+x)72

n=0

(_1)n$n+1 :L,k+2

< , > 0.
n+1 k+2 v

This inequality states that if only the ﬁl;st2 k terms of the infinite series are used to compute
In(1 4 ), the error will be less than % . Say we want to compute In(1+ 1) =
lng to 5 decimal places. Then we want t o choose k so that

1k+2

1 1

< =10"°
k+2 ~ 1,000,000

Cross-multiplying, writing 4 = 22, we want & such that 105 < (k4 2)2%+4  since k+2 >
2, 22k+5 < (k + 2)22k+1 | Thus, we are done if we can find &k such that

106 < 22k+5 .
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But since 2'0 = 1024 > 10%, we know 220 > 10%. Thus if 2k +5 > 20, or k = 8 we will
have the desired accuracy. This means that
5 1 1,1

In-=-——(

1})8+1
4 4 2

4)24-'“ 9(4 + error
where the error is less than 1076 .

From the form of the error estimate, it is clear that the series converges faster if x is
smaller. This power series, valid only if |z| < 1 can be used to compute In(1+x) if |z| > 1

by utilizing the observation illustrated by

3 4 1 1
In6 = 3ln(§) +2 ln(g) =31In(1+ 5) +2In(1+ g),

where both In(1+ 3) and In(1 + 1) can be computed using the power series. We should
confess that this series converges too slowly to be of much value for that purpose in real
life.

(b) Since —l5 is also the sum of a geometric series

142
1 o0
=12 B =N () |t < 1
T + +1° + %} )it < 1,
if we integrate term by term, we find
2 o0 2n+1 3 5
dt (=) "z x°
t -1 = —_—m —_— P SRR
e /01+t2+zo S L T

which converges if |r| < 1. Further investigation shows that the series also converges
at * = 1 and represents the function at that point. This yields the wonderful formula

(obtained by letting z =1)
Tt o1
4 3 5 7

from which we can compute 7 to any desired accuracy.

Exercises

(1) Write down an infinite series whose sum is ﬁ and integrate the series term by term
to obtain a power series for In(1 — ). For what x does the series converge?

(2) Find a power series which converges about = = 0 for the function ﬁ by recog-

nizing ﬁ as the derivative of a function whose power series in known. For what

x does the series converge?

(3) Compute In % to 4 decimal places, proving the error in your approximation is correct.

(4) Show that Y >, S“;L# converges for all = but the series obtained by differentiating
term-by-term does not converge, say at x = 0.

(5) Exercise your ingenuity and apply the theorems of this section to find the function
whose power series is
(a) a+ 22 + 4t +62° + 828 + - + (2n)2®" + - - - .
(b) 24+3-224+4-322+5-423 + -+ (k+2)(k+ 1)k + -
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6. Taylor’s Theorem. Representation of a Given Function in a Power Series. The Binomial
Theorem.

In this section we prove Taylor’s Theorem, an important generalization of the mean
value theorem, and use it to investigate the questions i) when does a given function f(x)
have a power series? and ii) if f(x) has a power series about xg, f(z) = o2, an(z—20)",
how can we find the coefficients a, ? As a partial answer to i) we know from Theorem 16
of the last section that if f(z) has a power series about x(, it must necessarily have an
infinite number of derivatives at xg. It turns out that this is not enough.

Perhaps it is easiest to begin with question ii).

Assume f(x) has a power series about g,

f(z) = an(z —a0)",
n=0

which converges for |z — xg| < p. How can we find the coefficients a, ? By Theorem 16
we know that f has an infinite number of derivatives at xy. Moreover these derivatives
can be calculated by differentiating the power series term-by-term. F or convenience we let
Tro — 0.

f(x) = ap + a1 + agr® + aza® + -+ apz™ + -,

f'(x) = a1 + 2a9x + 3azz® + -+ naz" 4

f'r(z) = 2a9 +2-3azx +3-4-agz® + - +nn— Daz" 2 +-- -,
fO(x)=2-3a3+2-3 dagz+3-4-5asz? + -+,

2
f(") () =nlay, + (n+ Dlappi1x + (n + lap oz + - .
By letting = = 0 in each line, we find
an () (o
a0 = F(0), ar = £(0), ar =0 a0 =IO
2 n!
This proves
Theorem 1.21 If f(z) = Y an(x — x9)™ has a convergent power series representation

about xq, then the coefficients a, are equal to f((xq)/n!, so in fact

© £(n)(y
fy =3 0 gy (15)
n=0

This formula (1.21) completely solves the problem of finding the coefficients a,, of a function
if that function has a power series. A simple consequence is the

Corollary 1.22 A function f(x) has at most one convergent Taylor series about a point
Zg -

PROOF: By the above theorem, if f(z) = > an(x —x¢)™ and f(x) = > by(x — z9)™, then

(n) . . .
Qpn = ! n('l“o) = b, , so the power series are identical.

REMARK: When f has a power series expansion about xg, the series is usually called the
Taylor series of f at xg. In the special case xy = 0, the series is sometimes called the
Maclaurin series for f .
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EXAMPLES:

(a) If f(z) = €® has a power series about = = 0, what is it? Since f(™(0) = fp—nnex}zzo =
e® =1, we know that a, —1/n! so that the power series is Y oo, %x" We cannot
oo 1 )

yet write e = Y 7, —a™ since we have not proved that e” does have a power series.

(b) If f(x) = cosx has a power series about z = 0, what is it? f(0) = 1, f/(0) =
—sin0 =0, f"(0) = —cos0 = —1, f”(0) =sin0 =0, f*(0) =cos0=1,.... All the
odd derivatives at 0 are zero while the even derivatives alternate between +1 and
—1. Therefore the series is

1, 14 1 i(—l)"mQ"

(2n)!

n=0

Again we cannot yet claim that this is cosz .

1
(c) If f(z)= { e, x#0 } . has a power series about z =0 what is it?

0 , =20
1
The computation is somewhat more difficult here. f'(z) = Ze 22, f"(z) = (-3 —
1 1
%)6_972 . and generally f(z) = (%2 +--- + 2r2)e” =2 where the oy are real

numbers we don’t need to find. If we let =0 in f(z), the resulting expression
has the indeterminate form oo - 0. Thus I’'Hospital’s rule must be invoked. Now

f™(z) is the sum of terms of the form 67;212, k> 0. What is lim,_.q 57;,72 ? Let
t= x% , and we must evaluate lim;_.g th/2e=t = limy_, oo ti# . If k is an even integer,
applying 'Hospital’s rule k/2 times leaves a constant in the numerator and e’ in the
denominator, so the limit is lim; Coe‘}St =0. If £ is odd, applying 'Hospital’s rule

(k+1)/2 times leaves a function of the form C;?:f , which also tends to 0 as t — oo

2

What we have just shown is that £ (0) = 0. The power series associated with e~/
is
0 0
04+0-z+ —a?+ - —a"+-.- =0.
2! n!

. . _ 2 . . . .
This function e /%" | whose power series about z = 0 is zero, is an example of a function

which is clearly not equal to the power series, 0, associated with it.

To find if a given function has a power series expansion about xy we turn to Taylor’s
Theorem (also known as the extended mean value theorem). Now if a function f defined
in a neighborhood of xy has a power series expansion there, we know the series is given by
(5). Thus we should investigate

N () (p
Ry(z) = f(x) — Z fn('())(w —x0)".
n=0 ’

To say that f is equal to its series expansion is the same as saying that the remainder,
Ry (x), becomes arbitrarily small as N — oco. We must now seek an estimate of this
remainder Ry (x). Taylor’s theorem is one way of finding an estimate.
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Theorem 1.23 . (Taylor’s Theorem). Let f be a real-valued function with N + 1 con-
tinuous derivatives defined on an interval containing xo and x . There exists a number (
between xy and x such that

f(@) = f(x) + f(zo)(x — z0) + f”éL!EO) (z — x0)* + f’//éiﬂo)(x —z0)3 +---
N (2 (
In other words, ( :
N+1
Ry(x) = M(m — zo)V L. (1-7)

REMARK: 1 The proof will only tell us that such a ( exists but will give us no way
to find it. In practice we often try to find some upper bound M for f(N + 1)(C), so
{f(N + 1)(()’ < M, for all N, and only use the crude resulting estimate

IRn(@)] < gy b = ool (1-8)

An example of this is the series for cosz. Assuming the proof of the theorem, we know
that (see Example b above) about zp =0,

x2 334 (_1)N

cosz=1-Tr+rdet (2N),x2N+RN(x),
where
1 dJ2N+2 N 1o
Ry(x) = N 1 2) [dx2N+2 COS Ty , Ce(0,x).

Since

d2N+2

R <1

dp2N+2 €O8 % e )
we find that )

R < 2N+2

Because, for fixed x, this remainder tends to 0 as n — oo, we have proved that the power
series for cosz at xg =0 does converge to cosx, so in the limit

o~ (1"

_ B 2n
cosx = Z @n)] ",
n=0
We can apply Theorem 16 and differentiate both sides of this to find the series for sinzx.
REMARK: 2 Observe that Taylor’s Theorem is only proved for real-valued functions f. It
is not true if f is complex-valued. However using it we will be able to prove the inequality
(7) for complex-valued f.

PRrROOF: (Taylor’s Theorem). Our proof is short—perhaps a little too slick. The trick is to
appeal to the mean value theorem (really only Rolle’s theorem is used).
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Fix z and define the real number A by

N
X ) (o) wo @z
f(z) = nz_:o T(w — )" + AW (1-9)
Now let
" 7 — 2 (N) T — N+1
H(t) == f(x)—[f(t)+f’(t)(m—t)+w+~-+fN!(t)(33— )N _A((Ni)m‘

Thus we are letting = vary, not = . Observe that H(z) = 0 (obviously) and H(z¢) =0
(by definition of A). Since H(t) satisfies the hypotheses of the mean value theorem, we
conclude that there is some ¢ between zy and z such that H'({) = 0. But

(N+1) (N)
H) == - [0 -0 - 0] - - [ e - - L -0
x—t)N x—t)N
4l N!) _( N!) (4 fD ).

Amazingly, almost all the terms canceled. Since H'({) =0 and ( # z, we now know
that A = f(N+1(¢). Substitution of this value of A into (8) gives us exactly (6), which is
just what we wanted to prove.

As an application let us prove the Binomial Theorem. That is the name given to the
Maclaurin series for (14 z)®, where a € R. The derivatives are easy to compute.

flz) = (1 +2)

f'(z) = a(l 4+ z)27!
ala —1)(1 4 2)*2

M =ala—1) (a—n+1)1+a2)*™
Thus the power series about 0 associated formally with (1 + z)* is

ia(a—l)--'(a—n—i—l)‘rn.

n!

n=0

By the ratio test this series converges for |z| < 1. Does it converge to (1 + x)¢ when
x| <17

If « is a positive integer, a = N, the terms in the power series from n = N +1 on all
are zero since they contain the factor (N — N). In this case we have only a finite series so
convergence is trivial. The resulting polynomial is the familiar Binomial Theorem of high
school algebra.

Let us therefore assume « is not a positive integer (or 0). Then we have an honest
infinite series. In order to prove that (1 + x)® is equal to the infinite series, we must show
that the remainder

N
Ry(z) = (a+:c)a—z ala - 1)--7-ﬂ(a—n—|—1)xn

n=0
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tends to zero as N — oo . By Taylor’s Theorem

ala—=1)---(a—N)

(N — 1)' (1 + C)()éfola;N+17

RN(x) =

where ( is between 0 and x. We shall prove that this tends to 0 as N — oo only when
0 <z <1.Itisalso true for —1 < z <0, but the proof is much longer so we will not give
it [however a different attack yields the proof easily].

Now if 0 <z <1, since 0 < ( < x, then 1 <14 (. Therefore for N > a, we have
(z+¢)* N1 < 1. Thus

oz(oz—l)'--(oz—]\f)acN+1
(N +1)!

[Ry ()] <

which does tend to zero as N — oo (since it is the N + 1st term of the convergent series
Eoo a(afl)--?-lgafnJrl)xn’ |.7)| < 1) )

Although we have proved it only if 0 < x < 1, we shall state the complete

Theorem 1.24 (Binomial Theorem). The function (1 + x)® is equal to a power series
which converges for |x| < 1. It is

(1+$)a:Za(a—l)..;ﬁb!(a—n—i—l)‘ (1.10)
n=0

In practice it is silly to memorize this formula since it is easier to expand (1 + z)®
directly in a Maclaurin series, which we have just shown (partly anyway) is equal to the
function.

We close this section with the generalization of Taylor’s Theorem to complex-valued
function f(z).

Theorem 1.25 . Let f(z) = u(x) + iv(x) be a complex-valued function with N + 1
continuous derivatives defined on an interval containing xg and x . There exists a real
number My depending on N such that

N
f (n)(fUO) n My N+1
PRrROOF: Since f has N + 1 continuous derivatives, so do the real-valued functions wu(x)
and v(x). Applying Taylor’s Theorem to u and v, we find numbers (; and (2, both

between zy and x, such that

N u(”)(x ) . u(N+1)(C)
o) = 3 T o) = Ty e
and
al o™ (2 p(N+1D)
v(z) — Z n(! 0) (x —xo)" = (]\:_{_(14)2')(33 _ xo)N+1_

n=0
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Thus, by addition, since f = (™ = (™)  we find

N .
F (o) n_ WG + iV (G)
f(m)—ZT(x—%) = (N +1)! (x — )N H
= ! !
However since «VtY and v+ are assumed continuous in an interval containing

zo and z, they are bounded there, say by My and My . Taking absolute values of the

last equation, we obtain equation (10) where My = \/MJQV + MJZV .

Exercises

(1) Find the Taylor series about the specified point zy and determine the interval of
convergence for the following functions. You need not prove that the series do converge
to the functions.

(a

sinz, zg = 0,

(b) Inz, 2o =1,
(C %7 o = _17
(d \/5, xo = 6,
(e) (e®+e ), m9=0
(f) £, 20 =0,

cosw, Tg = 7,

~~ o~
= 09

1 _
e 0 =0

=, 20 =0,
(14+z+2%)71 20 =0,
k) cosx +isinz, zg =0,
1 —
(1 \/ﬁ’ Tro = 0.
(2) Prove that in their interval of convergence about 0 the following power series associated
with the given functions converge to the functions. Do this by proving that the

remainder |Ry(z)| — 0 as N — oo.

(a)

(b) 1o
)
)

e~

—~
e

P
.
— O T N N N N

—~

sinz,

—T

(c
(d

e

coshz [Recall the definition: coshz = “He—].

1
V142
the error if a) |z|+ < 1071, b) |z| <1072, ¢) |o| < 1074,

(3) One often approximates by 1— % when |z| is small. Give some estimate of

(4) Use the Taylor series

4 6 n,.2n
a2 5, T X (—1)"x
e e TRt SR s s SEER
to evaluate fol e~ dz to three decimal places. I suggest using Theorem 16 and the

error estimate of Theorem 12.
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(5) Assume the ordinary differential equation 3’ —y = 0, with y(0) = 1 has a power
series solution y(z) = > °  a,z” about z = 0. a). Substitute this series directly
into the differential equation and solve for the coefficients a, . b). Find when the
series converges; c). justify (a posteriori) the fact that the function defined by the
convergent series does satisfy the differential equation. [We do not yet know that this
is the only solution. All we know is that it is the only solution which has a power
series].

(6) In this exercise you will prove that e is irrational. It all hinges on the series for 3.

11 1
e=1+1+z+o+ -+

2 "3l w

(a) Prove that 2 < e <3, so e is not an integer (cf. page 58, bottom).

(b) Assume e is rational, e = %, where p and ¢ are integers with no common
factor and ¢ > 2. Then use the Taylor series with ¢ terms and the remainder

R, to show that e-q! =N + quCI , where 0 < ( <1, and N is an integer.

(¢) From this deduce that ;T<1 must be an integer, and show that this contradicts

e <e <3,and g+1>3.

(7) This exercise generalizes the form of the remainder (6’) in Taylor’s Theorem. Fix x
and define the number B by

N f(n) (70) . N
f(x)zz_%n!(%—xo) +B(af—x0) ,a> 1.
Then consider the function H(t) defined by

N r(n)
Ht = 1) -3 D@ oy~ B oy

Show that there is a ¢ between xy and z such that

(N+1)
B = f A(;J;\l”(C) (1’ o C)N—i—l—a’

so that
SO(¢)

Ry = g P = o)z — OV

This is Schlomilch’s form of the remainder. In the special case o« = N + 1, we obtain
Lagrange’s form of the remainder, (6) found previously, while for @ = 1 we obtain
Cauchy’s form of the remainder

_ S

e CEEDICEIoLs

Ry

Here are two applications of Taylor’s Theorem to problems other than infinite series.
The first one deals with max-min. Let f(x) be a sufficiently smooth function (by which
we mean f has plenty of derivatives—we’ll specify the number later). Now we know that
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if f has a local maximum or minimum at zg, then f’(xg) = 0, and it is a maximum if
/" (xz0) < 0, a minimum if f”(z¢) > 0. But what if f”(z¢) = 07 Consider the examples
filz) = 2, fo(x) = —2*, f3(x) = 23, the first of which has a minimum at = = 0, the
second a maximum at x = 0, while the third has neither. These three examples suggest
the criterion will depend upon the lowest non-zero derivative being an even or odd derivative,
and on its sign.

| A FIGURE GOES HERE |

By the definition of local maximum and minimum, the issue is the behavior of f(z) in
a neighborhood of z¢, that is, the nature of f(zo+ h) for |h| small. We remind you that
f has alocal max at xo if f(zo+ h)— f(xg) <0 for all |h| sufficiently small, and a local
min at zg if f(zo+h)— f(zo) >0 for all |h| sufficiently small. Since the behavior of f(x)
near zq is determined by the Taylor polynomial

"(xo)h? (n) (n+1) n+1
Flao +h) = Flao) + Fzoph+ T T e ]M

2!
where ( is between xy and xg + h, it is natural to look at this polynomial to answer our
question.

Theorem 1.26 Assume f has (at least) n + 1 continuous derivatives in some interval
containing xo . Say f'(zo) = f"(x0) = ... = f"(x0) =0 but f™FV(29) #0, then
(a) if n is even, then f has neither a maz nor min at xg .
(b) if n is odd, then
i) f has a maz at xo if £ (x0) <O0.
i) f has a min at xo if £ (z0) > 0.

Proor: We shall use Taylor’s polynomial with n + 1 terms.

Since the first n derivatives vanish at xo, we have f(zg+h)— f(zg) = L 2:;11;(0 Rt ¢

between zo and zg + h. Because f("t1)(z) is assumed continuous at zq, £+ (¢) must
have the same sign as f("t1) (xo) in some neighborhood of zy. Restrict your attention to
the neighborhood. If n is even, n+ 1 is odd, so that h"*! is positive if h > 0, negative
if h<0. Thus f(xo+ h)— f(xg) changes sign in any neighborhood of zy. However if n
is odd, h"*1 is positive no matter if h > 0 or h < 0. Therefore f(zo+h)— f(xo) has the
same sign as f (”H)(a:o) throughout some neighborhood about zy. The precise conditions

are easy to verify now.

EXAMPLES:

1. f(z) = 2°+1 has neither a max nor min at « =0, since f/(0) =...= f®(0) =0,
but fO)(0) =5!#0.

2. f(x) = (x — 1) —7 has a min at z = 1 since f'(1) = ... = fO)(1) = 0, but

O =6!'>0.
Our second application is a geometrical interpretation of the Taylor polynomial. Given
the function f(x), consider the polynomial

Pp(x) = f(zo) + f'(x0)(x — o) +
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whose first n derivatives agree with those of f at z =xz¢. Pi(z) = f(xo) + f'(x0)(x — x0)
is the equation of the tangent to the curve y = f(x) at . It is the straight line which
most closely approximates the curve at xo. Similarly Ps(z) is the parabola which most
closely approximates the curve at zp. Generally, P,(z) is the polynomial of degree n
which most closely approximates the curve y = f(x) at the point xy. Using this Taylor
polynomial, we can define the order of contact of two curves at a point.
DEFINITION: The two curves y = f(z) and y = g(x) have order of contact n at the point
xqg if their Taylor polynomials of degree n at xy are identical, but their n + 1st Taylor
polynomials differ.

An equivalent definition is that f(z¢) = g(z0), f'(z0) = ¢'(z0), ..., [f™(xg) =
g™ (z0), but fOH(29) # g+t (29). We have assumed that f and g have n + 1
continuous derivatives. If f and g have contact n at xg, then

f(nﬂ)(Cl) - 9(n+1)(C2) Bl

f(xzo+h) —g(zo+h) = e

One interesting consequence of this formula is that if f and g have contact of even
order, then the curves will cross at x(, while if the contact is of odd order, the curves will
not cross in some neighborhood of xg .

We can define the curvature of a curve in the plane by using the concept of contact.
First we define the curvature of a circle (whose curvature had better be constant).
DEFINITION: The curvature k of a circle of radius R is defined to be %, k= % .

Thus the smaller the circle, the larger the curvature—a natural outcome. Furthermore,
a straight line—which may be thought of as a circle with infinite radius—has curvature zero.
How can we define the curvature of a given curve? For all non-circles, the curvature will
clearly vary from point to point of the curve. Thus, the concept we want is the curvature
of a given curve y = f(x) at a point xy. Our definition should appear reasonable.
DEFINITION: The curvature k of a plane curve y = f(z) at the point z( is the curvature
of the circle which has contact of order two at xg.

This circle which has contact of order two is called the osculating circle to the curve
at xo (osculate: Latin, to kiss). Let us convince ourselves that there is only one osculating
circle (for if there were two, the curvature would not b e well defined.) Consider all circles
of contact one to f(z) at xo. These are all circles tangent to f(x) at zo. Their centers
lie on the line [ normal to the curve at xy (“normal” means perpendicular to the tangent
line). It is geometrically clear that of these circles with contact 1, there will be exactly one
with contact 2.

ExXAMPLE: Find the curvature of y = e* at = = 0. The slope of the curve at (0,1) is
1. Therefore the equation of the normal is y — 1 = —x . Since the center (zg,yp) of the
osculating circle must lie on this line, and the circle contains the point (0,1), subject to
Yo = 1 — x¢, the value of xy must be determined from the fact that the second derivative
of the circle (0,1) must equal the second derivative of y = e* at x = 0, that is, it must
equal 1. But for any circle, (y —yo)y” +%2+1=0. In our case ¢/ =1 at (0,1) (recall
the circle is tangent to e* at (0,1)), so that (1 —yo)-1+14+1=0, 0or yo = 3. The
equation yp = 1 — x¢ implies that zg = —2. Thus the equation of the osculating circle is
(y—3)2+ (x+2)? =8, and the curvature of y =% at x =0 is k = % . Later on we will
give another definition of curvature which is applicable not only to plane curves, but also
to curves in space.
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Exercises
1) What is the order of contact of the curves y = e and y = —— + isin’z at £ =07
14z 2
(2) Find the osculating circle and curvature for the curve y =22 at 2 =1.
3) Show that at = a, the curve y = f(x) has curvature k = L)g, and the center
[14+f'(a)?]
1+f/(a)?]2

of the osculating circle is at the point (a — ]{,/,((Z)) [14 f'(a)?], f(a) + 1?7((;))2) What
is the messy equation of the osculating circle?

(4) At the given points, the following curves have slope zero. Determine if the curve has
a max, min, or neither there.
(a). y=(@+1)" z=-1,
(b). y=a?sinz, x =0.

(5) Let Py, P, and P, be three distinct points on the curve y = f(x), and consider the
circle passing through those three points. Show that in the limit as both P; and P,

approach P, this circle becomes the osculating circle. (Hint: Taylor’s Theorem will
be needed here).

(6) In this problem we outline another derivation of Taylor’s Theorem. Whereas the one
in the notes did not use the fact the (™1 was continuous, this proof relies upon
that fact.

(a) Show that

[l = o [ e

(b) Prove by induction that

(n)x T ()1
(@) = Fa)+ £ o) —ao)-+- -+ LA gy [PEZDE ey,

| |
n: 0 n:

The remainder is expressed as an integral here. It is because f"t1 is to be
integrated that we require its continuity.

(7) (a) Let g(z) have contact of order n with the function 0 at the point = = a, and
assume that f(x) has contact of order at least n with the function 0 at = = a.
Use Taylor’s Theorem to prove that

OO
wag(a) g (a)

This is [’Hospital’s Rule.
(b) Apply 'Hospital’s rule to evaluate
r—sinz ... .. 1—tanf

1) lim i) lim
) z—0 3 ’ ) 6—= 0—T
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(8) Assume f has two derivatives in the interval [a,b], and assume that f” > 0 through-
out the interval. Prove that if ¢ is any point in [a,b], then the curve y = f(z) never
falls below its tangent at the point = = ¢, y = f({). [HINT: Use Taylor’s Theorem
with three terms].

(9) Use Cauchy’s form of the remainder (p. 103-4, no. 7) for Taylor’s Theorem to prove
that the binomial series converges to (1 + x)® for —1 < x < 0. This will complete
the proof of the binomial theorem.

(10) The n'" Legendre polynomial P,(z) is defined by P, (z) L 47 (22—1)"]. Prove

= 2npl dzn
that P,(x) is a polynomial of degree n and has n distinct real zeros in the interval

(—1,1).

(11) Verify that e® is a solution of y' = ay. Prove that every solution has the form
Ae* | where A is a constant.

(12) Assume that f(x) has plenty of derivatives in the interval [a,b], and that f has
n + 1 distinct zeros in the interval. Prove that there is at least one ¢ € (a,b) such
that f((c)=0.

1.6 Complex-Valued Functions, ¢*, cosz, sin z.

The task of this section is to answer the following question. Say f(x) is a real or complex
valued function of the real variable z. How can we define f(z) where z is complex?
For example, if P(x) = ap+ a1z + -+ + apz™ is a polynomial, the answer is easily given:
just define P(z) = ap + a1z + -+ + ap2™. Since this function only involves addition and
multiplication of complex numbers, for any complex z the number P(z) can be computed.
Similarly any rational function, % , where P(z) and Q(x) are both polynomials, can be

defined for complex z as gg; since both P(z) and Q(z) are defined separately and we

can then take their quotient.

But how do we define e*, or cosz, or (1+ z)*, where aeR is not a positive integer?
As might have been suspected, the trick is to use infinite series.
DEFINITION: If f(x), zeR, has a convergent Taylor series,

o0
fl@)=> apa"™, 2| < p,
n=0

then we define f(z), zeC, by the infinite series

fz) = Z anz"”,
n=0

and the infinite series converges throughout the disc |z| < p.

The assertion that the complex series converges throughout the disc |z| < p is an
immediate consequence of Theorem 13 on page 7.

Thus, for example, we define.
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— (2n)!
B & (_1)n22n+1
S<z)_nz% 2n+1)

and

oo
—1) (o — 1
(l—l—z)a:E ala—1) '(a nt )z", aeR
n!
n=0

where the first three series converge for all zeC, while the last converge for |z|] < 1. We
have temporarily used the notation E(z) in place of e*, C(z) for cosz, and S(z) for sinz
so that you do not jump to hasty conclusion s about these functions by merely extrapolating
your knowledge of e* etc. For example it is not true that |sinz| < 1 for all zeC, even
though [sinz| <1 for all xzeR. All properties of these function s for zeC must be proved
again beginning with the power series definitions. Known properties of e, xeR and wishful
thinking don’t prove properties of e*, zeC. Let us begin by proving

Theorem 1.27 .

22 gt b
) 23 25
iS(z) =iz g—i—a ?—i- ]
S0 2 3 4 5
) +iS(z) =1 4iz— = —iZ 4 2 442 ..,

2! 31 4l 5!
where the adding of the two series is justified by Theorem 5(page 7). We must compare the
last series with that for E(iz):
(i2)?2  (iz)® = (iz)* 22 2B

Bliz) =1+iz+ i+ o+t = iz = p—ig+ p e

which is identical to the series for C(z) +iS(z) .

c¢)-d). These follow by elementary algebra from a) and b).

The formulas a)-d) of Theorem 21 show there is a close connection between the four
functions FE(iz), E(—iz), C(z), and S(z). Our next theorem shows that the formula
eve¥ = eV x, y € R, extends to the function E(z).

Theorem 1.28 . E(z2)E(w) = E(z+w), for all z, w € C.
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Proor: We must show that

22 = w” (2 +w)”
SIDIFDEPIE S

The product of the two series is defined in Theorem 15. Using that definition, we find that

o0 P o0 w™ . n P
QDO =20 Ho—m
n=0 n=0 n=0 k=0

However, the binomial theorem for positive integer exponents (which only uses the
algebraic rules for complex numbers) states that

n

n! k, n—k
G =2 mm e
k=0

Upon substituting this into the last equation, we obtain the desired formula.
The formula of this theorem is the key to many results, like the following generalization
of sin?z +cos?z =1.

Corollary 1.29 C(2)2+S(2)? =1 forall z€C.

PROOF: We use equations a) and b) of Theorem 21 to reduce the question to one of
exponentials.

E(iz)E(—iz) = [C(2) +iS(2)][C(2) — iS(2)] = C*(2) + S?(2).

But by Theorem 22, E(iz)E(—iz) = E(iz —iz) = E(0). Directly from the power series we
see that E(0) = 1. This proves the formula.

Our next corollary states that the addition formulas for sinz and cosx are still valid
for C(z) and S(z).

Corollary 1.30 C(z+w) = C(2)C(w)—95(2)S(w) and S(z+w) = S(z)C(w)—S(w)C(z)
for all z,weC

PrOOF: A direct algebraic computation does the job.

C(z+w) +iS(z +w) = E(iz +iw) = E(iz) E(iw) = [C(2) +iS(2)][C(w) + iS(w)]

=[C(2)C(w) — S(2)S(w)] +1i[S(2)C(w) + S(w)C(z)].
Similarly we find that

Cz4+w)—iS(z+w) =[C(2)C(w) — S(2)S(w)] —i[S(z)C(w) + S(w)C(z)].

Addition of these two equations gives the formula for C(z+ w), while subtraction gives the
formula for S(z + w).

Had we but world enough, and time, we would linger a while. A lovely result we have
not proved is that E(z + 27mi) = E(z), the periodicity of E(z), which is a consequence of
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the formulas C(z+27) = C(z), and S(z+27w) = S(z), the periodicity of C(z) and S(z),
by using Theorem 21 (but see pp. ?77).

We shall close this chapter by restating the results proved above in the usual language
of e* etc. instead of the temporary notation E(z) etc. we have been using.

¢ = cos z + isin z (1-12)

e "% = cosz —isinz (1-13)

cosz = (e 4 e7%) (1-14)

sinz = (e — e7%%) (1-15)

efe? = etV (1-16)

sin? 2 4+ cos® 2z = 1 (1-17)

cos(z +w) = cos zcosw — sin zsinw (1-18)
sin(z + w) = sin z cosw + sinw cos z (1-19)

Generally, all algebraic formulas for sinx, cosz, and e remain valid for sin z, cos z, and
e* . In fact any algebraic relationship between any combination of analytic functions remains
valid as we change the in dependent variable from a real z to the complex z. Inequalities
almost always fall apart in the transition from = € R to z € C. Exercise 2e below illustrates
this.

One formula which we will use frequently later on is a specialization of (1-12) to the
case when z is real. Then writing the real z as 6 we have the famous formula

e = cosh +isinf, 6 € R. (1-20)

We cannot resist stating this formula down again for 6 = «:

an almost mystical identity connecting the four numbers e, i, and —1. Notice that (1.6)
also implies ‘eie‘ =1.
If we write z = x + 4y, then using (1.6) we find

e” ="t = e = ¢%(cosy + isiny). (1-21)

A consequence of this is
le®| = e” (1-22)

Exercises
(1) Observe that (directly from the power series)
cos(—z) =cosz, and sin(—z) = —sinz.
Use this and the addition formula for cos(z + w) to prove that sin?z 4 cos?z = 1.

(2) If we define sinha = 1(e® —e™?) and coshx = 1(e” +e7%), x € R, we prove that
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a) cosir = coshwz, sinix = isinhx

. b sini i b

(b) cosz=coshy—isinxsinhy, (z =1z +iy)
sinz =sinxzcoshy +icoszsinhy

(¢) |cosz|? = cos® x + sin h2y
cos z|” = cos —sin“ x
|cos 2| h?y — sin?
|sin z|* = sin®  + sin A%y
sin z|* = cos — cos*x

Jsin 2| h?y 2

(d) Use the identities of part ¢) to deduce that
|sinhy| < |cosz| < coshy
|sin hy| < |sinz| < coshy
(e) Prove that there is some z € C such that
|sinz| > 1, and |cosz| > 1.

(3) Define the derivative of f(z) at zp, where z, zg € C, as

lim f(2) = f(20)
zoz0 2 — 2

if the limit exists.

(a) By working directly with the power series, show that e® is differentiable for all

z, and that
d

%e

(b) Apply this to (1-12) and (1-13) to deduce that

% = ae*, a, z € C,

— cos z = —sin z, d—sinz:cosz
z

dz

(We cannot appeal to Theorem 16 and differentiate term-by-term since that
theorem assumed the independent variable, x, was real).

(4) Use the results of Exercise 2c to show that the only complex roots z = z+iy of sinz
and cosz are at the points on the real axis y = 0 where sinz = 0 and cosxz =0,
respectively.

(5) Use the results of this section to prove DeMoirve’s Theorem
(cosf +isinf)" = cosnb +isinnb, 6 € R,
where n is a positive integer.
(6) (a) Show that the sum of the finite geometric series Y e is
et (N+1/2)z _ iz/2

N
Z eina; — —
eix/2 _ g—iz/2

n=1
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(b) Take the real and imaginary parts of the above formula and prove that for all
x#0,x € (0,2m),

1

N . .
N+1/2)x — 1/2
Zcosa: _ sin(N + /)x sin1/2x
2sin sx
n=1 2

1

N

. cos 1z — cos(N + 3)z
E sinnr = 5 .
ne1 Sin 5

1.7 Appendix to Chapter 1, Section 7.

As a special dessert let us take some time out and prove some interesting results you would
probably never see otherwise. We have in mind to define a specific number o € R as the
smallest positive zero of cosz, x € R—so « had better turn out as 7/2. Then we prove
that 1) sin(z 4 4a) = sinz etc., 2) the ratio of the circumference to diameter of a circle
is 2 so that 2a does equal the 7 of public school fame. Furthermore, we also present a
way of computing « .

In this section we take sinz and cosz, z € C to be defined by their power series,
and use only the properties of these functions which were obtained from the power series
definition.

Lemma 1.31 The set A = {x € R: cosz = 0,0 < & < 2} 1is not empty, that is, the
equation cosx =0 has at least one real root for x € (0,2).

PROOF: Since cosz is defined by a convergent power series, it is continuous (even infinitely
differentiable); furthermore because x € R and the power series has real coefficients, we
know that cosx, x € R is real-valued. Observe that cos0 =1 > 0, and the following crude
inequality

22 & (_1)n22n o 22n
9=1- - LS
cos 12" L )l * Z_:z (2n)!
94 "On_Q 50 . (1-23)
1+ O)F=—1+_<0.
<y k:0(5) T

Thus cos0 > 0 and cos2 < 0, so there is at least one point in (0,2) where the real-valued
continuous function cosz vanishes. This proves the lemma.

Denote the g.l.b of A (which does exist since A is bounded—say by 0 and 2) by «.
We shall show that o € A. Since « is the g.l.b. of A, there exists a sequence of points
ar € A (the ap may just be the same point repeated over and over) such that ap — «
and cosayi = 0. But since coszx is continuous,

0= lim cosay = cos a,
k—o00
so in fact cosa =0 too = a € A.
Now cosz must be positive throughout the interval [0, «), since it is positive at =0
and « is the first place it vanishes. Therefore the formula % sinx = cos x —obtained by
differentiating the real power series for sinz term by term—shows that sinz is increasing
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for x € [0,c). Since sin0 = 0, we see that sinz > 0 for x € [0,«). Thus the formula
% cosz = —sinx tells us that cosx is decreasing in the interval [0, «]. From the formula

2 2

1 = sin? & + cos? a = sin «,

and the fact that sina > 0, we find that sina = 1. We can thus conclude from the
addition formulas for sinz and cosx the:

Theorem 1.32 Let o denote the smallest zero of cosx for x > 0. Then

cosa =0, cos2a = —1, cos3a = 0, cosda =1
sina =1, sin2a = 0, sin3a = —1, sinda = 0,
or more generally
cos(z +a) = —sin z, sin(z + o) = cos z

cos(z + 4a)) = cos z, sin(z + 4a) =sinz

This proves that the sinz and cosz are periodic with period 4o .

As you have guessed, « is another name for m/2—and serves as our definition of .
This is based upon power series and is independent of circles or triangles—or even the entire
concept of angle. A simple consequence is the

Corollary 1.33 The function e® 1is periodic with period 4ai ,

ez+4oci — €z€4o¢i — 7.
PROOF: e*T4® = e?ei® = ¢%(cos 4o + isinda) + e*(1 + i0) = €.

Two issues remain to be settled before closing up. We should 1) prove that the ratio
of the circumference C' of a circle to its diameter D is 7, i.e., C = 2aD, and 2) find
some way of approximating « numerically (for all we know of alpha so far is that it is
the smallest element in a set and 0 < a < 2). The two problems are closely related.

The circle of radius R has the equation z? + y?> = R?. Consider the portion in the

first quadrant. Then using the familiar formulas for arc length, we find that

R 1
C_R/ de ' dt
4 0o VR? —x? 0o V1I—1t2

where the change of variable z = Rt has been used to obtain the last integral [this is legal
since the mapping “multiply by R” is a bijection and hence an invertible function|. Thus,
the desired result, C' = 2aD = 4aR will be proved if we can p rove

Theorem 1.34 fol \/% =a(=17%)

Corollary 1.35 If C denotes the arc length of the circumference of a circle of radius R,
then C = 4aR.
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PROOF: of Theorem. We want to make the change of variable ¢t = sin ¢, where t € [0,1]. In
order to do this we must only check that the function sin( is differentiable and invertible
function there. We know it is differentiable . Since sinz is continuous and monotone
increasing for x € [0,a], and since the end points are mapped into 0 and 1 respectively
(sin0 = 0, sinaw = 1), the function f(¢) = sin( is invertible for = € [0,a] <=t € [0,1].
The usual formulas are applicable and yield

Alvqit2m:i4adg:a
QED.

To compute 7 = 2, it is convenient to introduce tan z = sin z/cos z, for all z where
cosz # 0. In particular tanx is defined for all real z in the interval 0 < x < /2. From
the behavior of sinz and cosz in the interval x € [0,/2), it is easy to show that tanx
has infinitely many derivatives and is increasing for x € [0, «/2), assuming the values from
0 =tan0 to 1 =tang . The function tanz is therefore invertible in that interval, so we
can make the natural change of variable ¢ = tanx and obtain

L gt a/2 1 d a/2 o
T (Y tana)de = dr = <.
/0 142 /0 1+tan2x(dw an )dz /0 YT

But the integral on the left can be approximated readily because of the algebraic identity

1 N . (_1)N+1t2N+2
- —1)"¢t ~— 11¢ £ 1.
1+ 12 %] S e Al
Thus N
1 1 1 ,2N+2
s Q dt t
T=5= [ 7= ()" [ trat —4_N+1/" dt
4 2 /01+t2 20:( )/0 +(=1) o 1+¢277
or ( )N
T 1 1 1 —1
SR e R
4 sts T oy T

where since 2t < 1+ t? the remainder Ry can be estimated by

1t2N+2 1t2N+2 1
Ry| = ——dt < dt =
Bl /0 1+12 /0 2t AN +4

If the first 250 terms in the series are used, N = 250, we find

T 1 1 1
P R
4 575 +ogy T s,

where |Raso| < Tlozi < Tloo , so three decimal accuracy is obtained. This is quite slow—but
it does work. For practical computations, a series which converges much faster is needed.
See exercise 2 below; it is neat.
Since Ry — 0 as N — oo, the following formula is a consequence of our effort:
1 1 1 1

-
4 3 5 7 9

Exercises
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(1) Use the method illustrated here to slow that

1 N+1
1 1 1 1 1 (—1)
l 2: d :1—7 —_—— — —_— s e . — R
n /0 Tz €T 2+3 4—1-5 + N + Ry,

where limy_o Ry = 0. Find an N such that |[Ry| < 1073.

[Hint: Write 1 = S0 (—1)ran + EL 220 5 ),

(2) To approximate 7 with fewer terms, the following clever device works. Write
1 N-1 (_I)NtZN (_I)NtQN (_1>N+1t2N+2

I _1nt2n
1+ 2 ;() + 2 * 2 + 1+ 2

and show that

T 11 (—N-1 (-)N .
o144 R
4 RN Y e R TCT i DI

1)N 1 42N _42N+2

where Ry + (72 Jo Tt

(a) Prove that ‘]:ZN‘ < m.

(b) What should N be to make ‘RN‘ < 1073? Amazing saving, isn’t it? The

technique does generalize to other series and can be refined to yield even better
results.

(¢) Apply the method given here to problem 1 above to show that In2 =1 — % +
1 DY 1 (!
3Tt Nt

‘RN’ <1073,

+RN , Where ‘RN’ < m Pick N so that
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Chapter 2

Linear Vector Spaces: Algebraic
Structure

2.1 Examples and Definition

In order to develop intuition for linear vector spaces, a slew of standard examples are needed.
From them we shall abstract the needed properties which will then be stated as a set of
axioms.

a) The Space R?.

We begin by informally examining a space of two dimensions (whatever that means). It is
constructed by taking the Cartesian Product of R with itself. We are thus looking at Rx R,
which is denoted by R%. A point X in this space is an ordered pair, X = (x1,23), where
r1 €ER, z9 € R. z1 and zo are called the coordinates or components of the point x. Let
us propose a reasonable algebraic structure on R x R. If X = (z1, 22), and Y = (y1, y2)
are any two points, and « is any real number, we define

addition: X +Y = (z1 +y1, 22 + y2) .

multiplication by scalars: o - X = (ax1,ax3), « € R.

equality: X =Y <= z1 =y1, 12 = o

The addition formula states that the parallelogram rule is used to add points, whereas
the second formula states that a point X is “stretched” by « by stretching each coordinate
by «.

Some immediate consequences of the above definitions are, for all X, Y, Z in R X R,

1) addition is associative (X +Y)+Z =X+ (Y + 2)

2) addition is commutative X +Y =Y + X

(1)
(2)
(3) There is an additive identity, 0=(0,0) with the property that X +0 = X for any X .
(4) Every X = (x1,22) € R x R has an additive inverse (—z1,—x2), which we denote
by —X . Thus X + (—X) = 0. Thus the set of points in R x R forms an additive

abelian group.

The following additional properties are also obvious, where o and [ are arbitrary
real numbers.

75
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(5) a(BX) = (aB)X
6) 1-X=X.

and the two distributive laws.
(7) (a+pP)X =aX + X
8) a(X+Y)=aX+aY.

To insure that you too feel these properties are obvious, let us prove, one, say 7.

(a+0)- X =(a+ ) (x1,22) = (o + B)z1, (a0 + B)x2)
= (ax1 + 1, oz + Br2) = (az1, axs) + (Bz1, Br2) (2-1)
=a-(z1,22) + 0 (z1,22) =a- X+ X

ExampLE: If X = (2,1), then 3X = (6,3) and —2X = (—4,-2).

Instead of thinking of the elements (z1,22) in R? as points, it is sometimes useful to
think of them as directed line segments, from the origin (0,0) directed to the point (z1,z2).
The figure at the right illustrates this.

Note that the axes need not be perpendicular to each other in the space R%?. They
could just as well veer off at some outrageous angle, as in the diagram. This is because we
have yet to place a metric (distance) structure on R? or introduce any concept of angle
measurement. When we do that, we will have Euclidean 2-space E?. But right now all we
have is R?, which might be thought of as a floppy Euclidean space.

b) The Space R"

This is a simple-minded generalization of R?. A point X in R® =R x ... x R is an
ordered n tuple, X = (z1,z9,...,x,) of real numbers, xz; € R. If X = (x1,...,x,) and
Y = (y1,...,yn) are any two points in R", and « is any real number, we define

ADDITION: A+ Y = (21 + Y1, 22 + Y2, .oy T, + Yn)

MULTIPLICATION BY SCALARS: « - X = (ax1,axa, ...,ary), o € R.

EQUALITY: X =Y <= x; =y; forall j.

ExaMPLE: The point X = (1,2,3), and %X = (%, 1, %) in R? are indicated in the figure.
Again the coordinate axes need not be mutually perpendicular.

Properties 1-8 listed earlier remain valid - and with the proofs essentially unchanged
(just add dots inside the parentheses).
REMARK: . At this stage, you probably are anxiously waiting for us to define multiplication
in R™, that is, the product of two points in R", X -Y = Z € R", possibly using the
multiplication of complex numbers (points in R?) as a guide. Well, we would if we could.
It turns out that it is possible to define such a multiplication only in R', R?, R*, and in
R® —but in no others. This is a famous theorem. In R? ordinary complex multiplication
does the job. To do it in R*, we have to abandon the commutative law for multiplication.
The result is called quaternions. In R®, the multiplication is neither commutative nor
associative. The result there is the Cayley numbers.

Here we shall not have time to treat this issue. All we shall do (later) is introduce a
“pseudo multiplication” in R® —the so called cross product - obtained from the quaternion
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algebra in R*. The major importance of this pseudo multiplication which holds only in R?
is the fact of life that our world has three space dimensions. This multiplication is extremely
valuable in physics.

c) The Space C|a,b|.

Our next example is of an entirely different nature, it is a space of functions, a function
space. The space Cla,b] is the set of all real-valued functions of a real variable x which
are continuous for = € [a,b]. If f and g are continuous for z € [a,b], that is if f and
g € Cla,b], and if « is any real number, we define, in the usual way,

addition: (f + g)(x) = f(x) + g(x),

multiplication by scalars: (af)(z) = a[f(z)]. « € R

equality: f =g <= f(x) =g(x) for all x € [a,b].

Notice that the sum of two functions in Cfa,b] is again in C|[a,b], and the product of
a continuous function - in Cfa,b] —by a constant « is also an element of Cla,b]. We shall
ignore the fact that the product of two continuous functions is also a continuous function.

Properties 1-8 listed earlier are also valid here, that is, if f,g, and h are any elements
in C[a,b], then

fHlg+h) = +g) +h
f+9g=9+/f

f+0=f
f+(=0f=0

(1)
(2)
3)
(4)
(5) a(Bf) = (ap)f
(6)
(7)
(8)

2
3
4

6) ()f=f 1eR
(a+B)f=af +8f
aff+g)=af +ag.

Again, 1-4 state that the elements of Cfa,b] form an abelian group with the group
operation being addition. When we define the dimension of a vector space, it will turn
out that the space Cla,b] is infinite dimensional, but don’t let that bother you. This nice
space, Cla,b], and R™ are the two most useful examples of a vector space.

7
8

d) D. The Space C*[a,b].

The space C¥[a,b] consists of all real-valued functions f(z) which have k continuous
derivatives for = in the interval [a,b] C R. When k = 0, this reduces to the space C|a,b] .
Addition and scalar multiplication are defined just as in Cfa,b]. The key property is that
the sum of two functions with & continuous derivatives of x € [a,b] is also a function with
k continuous derivatives. All of properties 1-8 are valid in C*[a, b] .

Every function f(z) which has one continuous derivative is necessarily continuous.
This is a basic result from elementary calculus; it may be written as Cl[a,b] C C|a,b].
Since the function |z|, z € [-1,1] isin C[-1,1] but not in C*[—1,1], we see that C! and
C are not the same, that is C'! is a proper subset of C. Similarly, C**1]a,b] C C*[a, D]
(see Exercise 7).
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The space C*[a,b] consists of all functions with an infinite number of continuous
derivatives for x € [a,b]. All functions which have a convergent Taylor series for z € [a, b]
are in C*[a,b]. In addition, C*°[a,b] contains functions like f(z) = e 1/2* 2 #£0, f(0) =
0, which have an infinite number of continuous derivatives (see p. 7?) but do not have
convergent Taylor series.

Another example of a function space is the set of analytic functions A(zp, R), functions
which have a convergent Taylor series in the disc with center at zg € C and radius at least

R.

e) E. The Space ;.

The space [y (tired yet?) consists of all infinite sequences X = (z1, x2, r3,...) which satisfy
o0

the condition Z |z, | < oo. Addition and multiplication by scalars are defined in a natural

way. If X ang:}lf are in [; , then
X+Y 4+ (x1+yi, 22+ y2, 23+ ys3,...)
and, if « is any complex number
a-X = (axy,ar?,..).

Equality is defined by
X+Y & x; =y, forall j.

We should show that if X and Y arein [y, thensois X +Y and z-X . To prove that
X +Y €1, we must show that > |z, + yn| < co. But since |z, + yn| < |zn| + |yn|, we
have for any N € Z,

N N N 00 0o
Z|xn+yn‘ < Z’xn| +Z|yn‘ < Z’xn| +Z|yn‘ < 0.
n=1 n=1 n=1 n=1 n=1

oo

Now letting N — oo on the left, we see that Z |Tn + yn| <oo. If X €1y, it is obvious
n=1

that o - X is also in [; since

00 [e's] 00
D laxn] =Y lallza] = || > fan] < oo
n=1 n=1 n=1

f) F. The Space Li[a,b].

Yes, the space Li[a,b] does consist of all functions f(x) (possibly complex-valued) with
the property that fab |f(x)| de < co. It is the integral analogue of I; . Addition and scalar
multiplication are defined as in Cla,b], that is, as usual. If f and g are in Lila,b], then
soare f+g¢g and af, where o € C, since

b b b
[ 5@+ gl do< [ lf@]do+ [ o)) do <,
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and

/ab af(2)] dz = Iozl/ablf(x)l d < .

For example, f(x) =z isin L1]0,1] but f(z) = m% is not in L;[0,1]. It is simple to check
that properties 1-8 are satisfied in L;[a, b] .

g) G. The Space f,.

If P(x) =ap+ a1z + ... + apz™ is any polynomial of degree n with real coefficients and
Q(z) = by + bix + ... + byx™ is another one, then with ordinary addition, multiplication by
real scalars and equality the set f,, of all polynomials of degree n satisfy conditions 1-8.
Since

a+arz+...+ap 12" P =ag+arz+ ...+ an_12" L + 02",

it is clear that f,—1 C fy .

Enough examples for now. You must have gotten the point. We shall meet more later
on. Let us give the abstract definition of a linear vector space.
DEFINITION: . Let S be a set with elements X, Y, Z,... and F be a field with elements
a, (B.... The set S is a linear vector space(linear space, vector space)over the field F if the
following conditions are satisfied.

For any two elements X, Y € 5, there is a unique third element X +Y € .5, such that

) (X4 +Z=X+ (Y + 2);

2) X+Y =Y +X;

(1)
(2)
(3) There exists an element 0 € S having the property that 0+ X = X for all X € §;
(4)

4) for every X € S, there is an element —X € S'; such that X + (—X) =0.

Furthermore, if « is any element of the field F', there is a unique element aX € S
such that, for any o, € F',

(5) a(BX) = (aB)X;
6) 1-X=X.

The additive and field multiplicative structures are related by the following distribu-
tive rules

(7) (a+p0)X =aX+ X
(8) a(X +Y)=aX+aY.

Elements of the field F' are called scalars, whereas elements of S are called vectors.
We shall usually take the real numbers R for our field F', although the complex numbers
C will be used at times. Exercise 4 shows the need for Axiom 6 (in case you thought it was
superfluous).

All of the examples of this section are linear spaces. For most purposes the simple
example R? will serve you well as a guide to further expectations. The pictures there are
simple. In fact, with a certain degree of cleverness, the “right” proof for R? immediately
generalizes to all other linear spaces - even “infinite dimensional” ones.
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Since you probably think that everything is a linear space, here is an example to dispel
the delusion. Let S be the subset of all functions f(z) in C]0, 1] which have the property
f(0) =1. Then if f and g are in S, we are immediately stuck since f(0) + g(0) =2, so
that f4+g¢g isnotin S. Also, 0 & S.

Both here, and before (p.?) when defining a field, axioms “0” have been used. They all
express roughly the same concept. We have some set S and an operation * defined on the
set. These axioms all stated that for any z,y € .S, we also have zxy € S. In other words,
the set S is closed under the operation * in the sense that performing that operation does
not take us out of the set. We shall find this concept useful.

h) Appendix. Free Vectors

One more example is needed, an exceedingly important example. There are “physicists’
vectors” or free vectors. 1 always thought they were easy to define - until today. Twelve
hours and fifty pages later, I begin again on the fifth attempt. The essential idea is easy to
imagine but difficult to convey in a clear and precise exposition.

Say you are given two elements X and Y of R™, which we represent by directed line
segments from the origin. Somehow we want to find a directed line segment V' from the
tip of X to the tip of Y. Now V “looks” like a vector. The problem is that all of the
vectors we have met so far have been directed line segments in R™ beginning at the origin.

In order to find a way out, it is best to examine the problem for the most simple case
—R', the ordinary line. Watch closely since we will be so shrewd that all the formalism
will be adequate without change for the general case of R™.

We are given two points, X and Y of R' which we shall represent by directed line
segments from the origin. To make the picture clear, we will draw them slightly above the
line.

| A FIGURE GOES HERE |

We want a directed line segment V' from the tip of X to the tip of Y . Of course you
recognize this as the problem of solving

X+V=Y

The solution, V =Y — X, is the difference of the two real numbers ¥ and X . But
where should we draw V' 7 If we are stubborn and demand that all real numbers must be
represented by line segments beginning at the origin, we have the picture

| A FIGURE GOES HERE |

but what we really want to do is place the tail of V' at the tip of X and add the line
segments. Why not relent and allow ourselves this added flexibility.

| A FIGURE GOES HERE |

There! Now we have solved our problem. But we have made an important generalization
in doing so. You see, this V' has been released from its bondage to the origin and is now
free to move along the whole of R.

Although we were led to this V' from the pair X and Y, the same V could have been
generated by a different pair X and Y, as the diagram below indicates,
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| A FIGURE GOES HERE |

for we still have X +V =Y.

In the first case we might have had X =2 and Y = 3, so that V = 1, while in the
second, we might have had X = —4 and Y = —3, and again V = 1. Even though we
have let this V' go free, sliding from place to place along R, we still want to say that this
is only one V', and in fact, we want to identify this V' with the V tied to the origin in
(2). In other words, we would like to say that all three V'’s used above are equivalent to
each other.

More formally, the element V' is generated by an ordered pair, V = [X,Y], which we
read as the vector from X to Y ,for X, Y € R. If some V is generated by another ordered
pair, V = [f(,f/], X.,Y €R, then we want equality V =V tomeanthat Y —X =Y — X .
Moreover, we want to represent V = [X,Y], the vector from X to Y, by the vector from
the origin 0 to Y — X, V = [0,Y — X]. This representation of V is unique, since if any
other pair also generates V, V = [X, f/] , the representative V = [0, Y — X] =[0,Y — X]
since V. = V implies that ¥ — X = Y — X . Therefore much as each rational number
is an equivalence class, represented by a single rational number - as % represents the
equivalence class %, %, %, ..., each V is an equivalence class of ordered pairs V = [X,Y],
where XY € R. It is uniquely represented by an element of R, viz. V =Y — X, the
representation being independent of the particular ordered pair [X,Y] which generates V.
It is possible to think of V' either as an ordered pair with an equivalence relation, or just
as the representative V = [0,Y — X]| of the whole equivalence class, the representation
being written more simply as an element of R: V =Y — X |, where here equality is between
elements of R.

The generalization is now easily made
DEFINITION: . (Free vectors). Let X and Y be any elements of R”. An element V € V"
“physicists’ n -space”, is defined as an equivalence class of ordered pairs of elements in R" ,

V =[X,Y], X, Y €R",
with the following equivalence relation: If V = [X,Y] and V= [f( ) }7] , then
V=V<=Y-X=Y-X,

where the second equality is that of elements in R™. If we are given X and Y in R", we
speak of V =[X,Y] as the free vector going from X to Y .

Previous reasoning also shows that each V € Vn is uniquely represented by the ordered
pair V = [0,Y — X]. This representation is independent of the elements [X,Y] which
generated V.

We were led to this definition of V" by examining the situation in the special case of
V1. Since our formal reasoning there was quite algebraic and general, we know that the
definition works algebraically. The geometry works too. An example in V? should make
the general case clear.

Let X = (1,3) and Y = (2,1). These two points in R? generate the ordered pair
V =[(1,3),(2,1)] in V2. V is the vector going from X = (1,3) to Y = (2,1). Of all
equivalent V' ’s, the unique representative which begins at the origin is V' = [(0,0), (1, —2)],
which we simply write as V' = (1,—2) and represent as an ordinary element of R?>. On
the same diagram we exhibit the vector from X = (—=2,2) to Y = (—1,0), which is
V =1[(=2,2),(~1,0)]. The unique representative (of all V ’s equivalent of V') which begins
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from (0,0) is V = [(0,0), (1, —2)], which we write simply as V = (1,—2). Comparison of
V and V reveals that they are equal, V = V. Thus, from the diagram, we see that a
free vector is an equivalence class of directed line segments, with two directed line segments
V.V being equivalent as vectors in V? if they are equivalent to the same directed line
segment which begins at the origin. In more geometrical language, V = V if by sliding
them “parallel to themselves”, they can be made to coincide with their representer which
begins at the origin. (We shall not define “parallel” here. It is not needed because we
already have a satisfactory algebraic definition of equivalence.)

Notice that X = (1,3) and Y = (2,1) also generates a second ordered pair V =
[(2,1),(1,3)], the vector from Y = (2,1) to X = (1,3). Its unique representation which
begins at the origin is V = [(0,0), (—1,2)], or more simply V = (—1,2). Comparison with
the previous example shows that V = —V: the vector from 'Y to X is the negative of the
vector from X to Y . We need the little arrow on our picture of V = [X,Y] to distinguish
it from —V = [Y, X] which is also between the same points but headed in the opposite
direction.

From now on we shall denote a vector V€ V* from X to Y by its representative
Y- X in R",so V=Y — X. Hence the vector from (1,3) to (2,1) will be immediately
written as V' = (1,—2). As we have said many times, the representation V =Y — X as
an element on R" is independent of which particular pair [X,Y] happened to generate V .
The following diagram shows a whole bunch of equivalent vectors V; € V2,

| A FIGURE GOES HERE |

Vi = Vi, and their particular representative V' chained to the origin.

In order to justify calling the elements of V" vectors, we should prove that the elements
of V" do form a vector space. Addition and scalar multiplication must first be defined, an
easy task. Since every V € V" is uniquely represented as an element of R”, V=Y — X €
R" , we use addition and scalar multiplication for elements of R™ —which has already been
defined. Because R" is known to be a vector space, it is a tedious triviality to prove.

Theorem 2.1 . V" is a linear vector space.

PRrROOF: . Only a smattering.

(1) V™ is closed under addition. Say V; and Va2 are in V". Then they are represented
as the difference of two elements of R”, say Vi =Y; — X7 and Vo =Yy — Xo. Thus

Vi+Vy = (Yl — Xl) + (YQ — XQ) = (Yl + YQ) — (X1 + XQ),

so that their sum is generated by [X; + X3, Y1 + Y3]. In other words, there is at
least one pair of elements, [X3,Y3], X3 = X; + Xy and Y3 =Y; + Y5, in R® which
generate Vi + Vs, so that V3 =V, 4+ Vo € V*. Of course [0, Y3 — X3] and many other
pairs also generate V3.

(2) Commutativity.

M+Whh=M-X1)+Yo-Xo)=YVo—-Xo)+ (1 - Xh) =Va+ V1.

B) (a+ Vi =(a+ B - X1) =ali - X)) +5(Y1 - X1) = oW1 + V1
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ExamMmpLE: If 4 = (4,2,-3), B=(0,1,-2), C = (-1,0,3) and D = (4,—3,1), find the
vector V7 from A to B and the vector from C to D. Then compute Vi + 2V, and
i—Vs.

SOLUTION: V; =B —A=(0,1,-2) — (4,2,-3) = (—4,-1,1)

1 1 11
‘/'2 C ( ’ 2’ ) ( 7072) (5’ 2’2)

11
Vit+2Va = (-4, -11) +2(5,~5, 5) = (-4, -1, 1) + (10, -1,1) = (6,~2,2)

Vi—Vo=(-4,-1,1)—(5,— 3

Exercises

(1) (a) Find the vector representing the free vectors from the given A € R" to B € R™.
(i) A=(3,1), B=(2,2).
(i) A=(-3,3), B=/(0,4).
(iii) A=(2,2,3), B=(5217)
(iv) A=(0,0,0) B = (9,8, —3)
(v) A=(1,2,3), B=(0,0,-1)
(vi) A=(0,0,—1), B=(1,2,3)
(b) Let V4 and V, be the respective vectors of iii) and v) above. Compute V; +
Vo, Vi — Vo, and 2V; — 3V;.

(c) Draw a diagram on which you indicate the vector going from A = (3,1) to
B = (2,2), and indicate the representer of that vector which begins at the
origin. Do the same with the vector from B to A.

(2) Which of the following subsets of C[—1,1] are linear spaces:
(a) The set of all even functions in C[—1,1], that is, functions f(z) with the addi-

tional property f(—z) = f(x), like 2 and cosx.

(b) The set of all functions f in C[—1,1] with the additional property that |f(x)| <
1.

(c) The set of all functions f in C[—1,1] with the property that f(0)=0.
(3) In R3, let X = (1,-1,2) and Y = (0,4, -3). Find X +2Y, Y — X, and 7X —4Y .

(4) (a) Show that for every X € R? you can find scalars o € R such that X can be
written as
X = arer + ages + ases,

where e; = (1,0,0), ea = (0,1,0), es = (0,0,1).
(b) If X € R3, can you find scalars a; € R such that
X = a1y + azls + azbs,

where 6; = (1,-1,0), o = (-1,1,0), 63 = (0,0,1), and «; € R? Proof or
counter-example.
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(¢) Find two polynomials P;(z) and Ps(x) in 77 such that for every polynomial
P(x) €?; you can find scalars a; € R such that P can be written in the form

P(z) = an Pi(x) + agPa(x).

(5) Let V =R x R with the following definition of addition and scalar multiplication
X +Y = (21422, y1 +42), aX = (az1,0),

0=1(0,0), =X = (—z1, —x2).
Is V' a vector space? Why?

(6) Show that any field can be considered to be a vector space over itself.

(7) Consider the set
S ={ueC?0,1]: agu” + ayu’ + apu =0},

where the a;(xz) € C[0,1]. Is S a linear space? Note that we do not yet know that
S has any elements at all. The proof that S is not empty is the existence theorem
for ordinary differential equations.

(8) By integrating |x| the “right” number of times, find a function which is in C*[-1,1]
but is not in C¥*1[—1,1].

2.2 Subspaces. Cosets.

With this section we begin the process of assigning names to the various concepts sur-
rounding the idea of a linear vector space. This name calling will take us the balance of the
chapter. Although the ideas are elementary and theorems simple, do not deceive yourselves
into thinking this must be some grotesque joke that mathematicians have perpetrated. You
see, we are in the process of building a machine. Most of its constituent parts are very
easy to grasp. But when combined, the machine will be equipped successfully to assault a
diversity of problems which appear off hand to be unrelated.

The value of this abstract formalism is that many seemingly distinct complicated specific
problems are just one single problem in a variety of fancy dresses. By ignoring the extraneous
paraphernalia we can concentrate on the essential issues.

| A FIGURE GOES HERE |

We begin by defining what is meant by a subspace of a vector space W . While reading
the definition, think of a plane through the origin, which is a subspace of ordinary three
dimensional space.

DEFINITION: . A set A is a linear subspace (linear variety, linear manifold) of the linear
space W if i) A is a subset of W, and ii) A is also a linear space under the operations of
vector addition and multiplication by scalars already defined on V.
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EXAMPLES:

(1) Let A={X €R3: X = (21,72,0) }, that is, the points in R?® whose last coordinate
is zero. Since A C R3, and a simple check shows that A is also a linear space,
we see that A is a linear subspace of R?. Intuitively, this set A certainly “looks
like” R?. You are right, and recall that the fancy word for this equivalence - of
R? = (z1,72) and the points in R? of the form (z1,x2,0)—is isomorphic. Similarly,
the set B = {X € R*: X = (r1,0,23)} is also a subspace of R®. B is also
isomorphic to R?.

B A . L
- * - 9 P ) ) AR ) )
(2) Let A={X eR": X = (x1,22,...,2,0,0,...,0) }, that is, the points in A are those
points in R™ whose last n — k coordinates are zero. It is easy to see that A is a
linear subspace of R”, and that A is isomorphic to R¥.

(3) Let A={fe€C[0,1]: f(0) =0}. A is a subset of the linear space C]0,1], and is
also a linear space (check this). Thus A is a linear subspace of C|0,1].

(4) Let A= {f e C[0,1]: f(0) =1}. A is a subset of C[0,1], but it is not a linear
subspace since - as we saw in the last section (p. 7)— A is itself not a linear space.

The following lemma supplies a convenient criterion for checking if a given subset A of
a linear space W is a subspace.

Theorem 2.2 . If A is a non-empty subset of the linear space W, then A is a linear
subspace of W <= A is closed under addition of vectors in A and multiplication by all
scalars.

PROOF: . = . Since A is a subspace, it is itself a linear space. But all linear spaces are,
by definition, closed under addition and multiplication by scalars.

<. Because A is a subset of W | and properties 1,2,5,6,7, and 8 hold in W , they also
hold for the particular elements in W which happened to be in A. Notice that here we use
the fact that A is closed under addition. Therefore only the existential axioms 3 and 4 need
be checked. Since A is not empty, it contains at least one element, say X € A. Because
A is closed under multiplication by scalars we see that 0 = 0- X € A. Furthermore, for
every X € A also — X =(-1)- X € A.

ExXAMPLE: Let A = {f € C1[0,1]: f/(0) = 0}. Since A is a subset of the linear space
C1[0,1], all we need show is that A is closed under addition and multiplication by scalars in
order to prove A a linear subspace of C1[0,1]. If f, g € A, then (f+g)'(0) = (f'+¢')(0) =
F(0)+4(0)=0,s0 f+ge€ A. Also, for any a € R, (af) (0) = a(f)(0)=a-0=0, so
af € A.

Theorem 2.3 . The intersection of two subspaces is also a subspace, but the union of two
subspaces is not necessarily a subspace. More generally, the intersection of any collection
of subspaces is also a subspace.

Proor: . Let A, B be subspaces of W . We show that A N B is a subspace. Since
AN B C W, all we need show is the closure properties of ANB. If X, Y € AN B, then
X and Y are bothin A and B,so X+Y €A and X+Y e B=X+Y €€ ANB
too. Similarly for scalar multiples. The proof that AN BN CN... is a subspace is identical
except for a notational mess.
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For the second part of the theorem we merely exhibit an example of two subspaces
A, B for which AU B is not a subspace. In R? let A be the linear subspace “horizontal
axis”, that is, A = { X € R?: X = (21,0) }, while B is “the vertical axis”, B = { X €
R2: X = (0,22) } . Then AU B is the “cross” of all points on either the horizontal axis or
the vertical axis. This is not a linear space because points like (1,0) € A, (0,1) € B do
not have their sum (1,0) + (0,1) = (1,1) in AU B. Precisely for this reason R? = R! x R!
was constructed as the Cartesian product of R! with itself; for if it had been constructed
as R!' x R', then only the points situated on the axes themselves would get caught. More
generally - and for the same reason - the Cartesian product is the process always used to
“glue” together a larger space from several linear spaces. Only when A C B (or B C A)
is AUB also a subspace (Exercise 4).

Your image of a linear space should be R3, and a subspace § is a plane or line in R3.
Note that since every subspace must contain 0, these planes or lines must pass through the
origin.

EXAMPLE: Let 8§, = { X € R%: 21 + 215 = ¢, ¢ real }. Thus, the set 8. is all points
S = (s1,52) € R? on the straight line s; + 2sy = c¢. For what value(s) of ¢ is 8. a
subspace? If 8. is a subspace, then we must have aS € 8. for all scalars a, that is
aS = (asy,as2) € 8, = as; + 2asy = c¢. But for a = 0 this states that ¢ = 0. Therefore
the only possible subspace is 89 = { X € R?: 21 + 279 = 0} . It is easy to check that if S
and Sy are in 8y, then so are S; + S and aS;. Thus 8y is a subspace. Similarly, every
straight line through the origin is a subspace.

Our question now is, how can we talk about the other straight lines or planes which do
not happen to pass through the origin? First we answer the question for our example above.
There we have the linear space R? and the subspace $g which will be simply written as
§. § is a line through the origin. Let X; be any element in R? (think of X; as a point).
Then the set of all elements of R? which can be written in the form S+ X;, where S € §,
is the line “parallel” to & which passes through X; . This line is written as & + X; . More
explicitly, say X7 = (1, %) The set 8§ + X7 is the set of all points X = (x1,22) € R? of
the form

X =S+ X;, which S €8,

or
3
(z1,22) = (81, 82) + (1, 5), where s1 + 252 = 0.

Consequently z1 = s1+1, and xo = so+ % . Using the relation sy +2s9 = 0, we find that
x1+2x9 = 4— exactly the equation of the straight line through X; = (1, %) and “parallel”
to the subspace §. This subset, 8+ X; = { X € R?: X = S+ X1, where S € 8§}, is called
the X7 coset of 8. Thus, cosets are the names given to “linear objects” which are not
subspaces. They are subspaces translated to pass through X;. You might prefer to call
them affine subspaces instead of cosets.

Please observe that the cosets 8§ + X7 and 8§ + X5, where X7, Xo € W, are not
necessarily distinct. In our example, these cosets coincide if and only if X5 is on the line
S + X1, that is, if Xo € S+ X;1. The easiest way to test this is to see if Xo — X7 € §.
Say X1 = (1,3) as before, and that X = (2,1). Then the cosets §+X; and §+ X, are
the same since the point X9 — X7 = (1, —%) isin &. It should be geometrically clear that
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the relation of equality among these cosets is an equivalence relation (and so deserving of
the title “equality”). We shall state these ideas formally as we turn from this special - but
characteristic - example to the general situation.

The general problem of describing lines or planes or “higher dimensional linear objects”
which do not pass through the origin - so are not subspaces - is solved similarly.
DEFINITION: . Let W be a linear space, 8§ a subspace of V, and X; any element of W .
All elements in W which can be written in the form S + Xy, where S € §, is called the
X1 coset of 8, and written as 8 + X .

Our first theorem states that if X5 is in the X7 coset of §, then X; is in the X5
coset of §:

Theorem 2.4 . Xo €8+ X1 < X; €8+ X5.

PROOF: Since X5 € 8 + X7, there is an S € § such that X9 = S + X;. Therefore
X1 =(—S5)+ X2. Because § is a linear space, (—S) € §. Thus X; has been written as
the sum of X5 and an element of §, which means that X; € 8 + X5 .

By the same argument, one sees that any two cosets 8 + X1 and 8 + Xo are either
identical or are disjoint (have no element in common). Thus the cosets of & partition W
in the sense that every element of W is in exactly one coset, just as for our example, every
point in the plane R? was in exactly one straight line parallel to the subspace determined
by x1+ 222 =0.

Although we were motivated by geometrical considerations, the ideas apply without
alteration to any linear space. This is illustrated by again examining the set

A={feCl-1,1]: f(0) =1},

which is not a subspace. It is a coset of a subspace 8§ of C[—1,1] which is constructed as
follows. Consider the subspace 8 which is “naturally” associated with A, viz.

§={geC[-1,1]: g(0)=0}.

Then A is the coset §+1, A =8+ 1. This is true since clearly A D 8+1. Also A C 8+1
because for every f € A,

flz)=[f(z) =1 +1=g(z)+ 1, where g €S8.

Therefore A = 841. Similarly, we could have written A as 8+ f , where f is any function
in A, for example A =8 +cosz.

Exercises

(1) Find which of the following subsets of R™ are subspaces.

) {XeR": 21 =0},
) {XeR": 21 >0},
) {XeER" z; —22=0},
) {XeR" 21 —xp=1},
) {XeER": 22 —29=0},



88 CHAPTER 2. LINEAR VECTOR SPACES: ALGEBRAIC STRUCTURE

(2) In P3, the linear space of all polynomials of degree < 3,let A = {p(x) € P3: p(0) =
0},and let B={p(z) € P3:p(l)=0}.

(a). Show that A and B are subspaces of Ps.
(b). Find AN B and AU B. Give an example which shows that AU B is not a
subspace of Pj.
(3) (a) If X; and X, are given fixed vectors in R? then is
A={X¢e R?: X = a1 X1 + a2 X, a1 and as any scalars }

a subspace of R??
(b) Same as (a) but replace R? by an arbitrary linear space W .
(C) If Xy, Xo,..., X} € W, then is

k
A={XeW: X = Zanj’ for any scalars a; },
1

a subspace of W ?

(4) Let A and B be subspaces of a linear space W . Prove that AUB is also a subspace
if and only if either A C B or B C A, that is, if one of the subspaces contains the
other.

(5) Let 8 and T be subspaces of a linear space W, and suppose that A is a coset
of § and B is a coset of T. Prove that (a). A C B = 8§ C T, and also (b).
A=B=8§=7T.

(6) (a) Write the plane 21 —3z2+x3 = 7 as a coset of some suitable subspace § C R3°.

(b) Write theset A ={f € C[0,4]: f(0) =1, f(1) =3}, as a coset of some suitable
subspace § C C0,4].

(c) Write the set A = {f € C'[0,4]: f(1) = 1, /(1) = 2} as a coset of some
suitable subspace § C C1[0,4].

2.3 Linear Dependence and Independence. Span.

If W is a linear space and X1, Xo,..., X}, € W, then we know that, for any scalars a;,
k
Y = Za]’X]’ = a1X1 + CLQXQ + ...+ aka
j=1

isalsoin V. Y is a linear combination of the X;’s. Now if 0 can be expressed as a linear
combination of the X;’s, where at least one of the a;’s is not zero we expect that there is
something degenerate around. In fact, if 0 = a1 Xy + ... + ax X where say a; # 0, then we
can solve for X; as a linear combination of X5, X3, ..., X},

-1
X1 = ?(G2X2 + ...+ a,Xk).
1

This leads us to make a definition and state a theorem.
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DEFINITION: . A finite set of elements X; € W, j = 1,...,k is called linearly dependent if
k

there exists a set of scalars aj, j = 1,...,k, not all zero such that 0 = Z a; X; . If the X;

1
are not linearly dependent, we say they are linearly independent.

Theorem 2.5 . A set of vectors X; € W, j =1,....k is linearly dependent if and only if
at least one of the X ’s can be written as a linear combination of the other X; ’s.

To test if a given set of vectors is linearly independent, an equivalent form of Theorem
5 is useful.

Corollary 2.6 A set of vectors X; € W, j = 1,....k is linearly independent if and only if

k
Zanj =0 implies that a1 =as =...=a =0.
j=1

EXAMPLES:
(1) The vectors X; = (2,0), Xo = (0,1), X3 = (1,1) in R are linearly dependent since

0= X1+ 2X5 —2X3. Equivalently, we could have applied the theorem since X3 can
be written as a linear combination of X; and X5

1
X3 = §X1 + Xs.

(2) The functions fi(z) = €%, fo(z) = €%, f3(z) = <E— in C[0,1] are linearly depen-
dent since
0=fi+fo—2f3

(3) The vectors X; = (2,0,1), X3 = (—1,0,0) in R3 are linearly independent, since if
for some aq, as,

O=a1Xi1+a+2Xy, = (2@1,0,&1) + (*CLQ,0,0),
then
0= (0,0,0) = (2(11 — ag,O,al),

which implies that 2a; —as =0, and a1 =0= a1 =a2 =0.

| A FIGURE GOES HERE |

A simple consequence of these ideas is the following

Theorem 2.7 . If A and B are any subsets of the linear space W and if A C B, then
i) A is linearly dependent = B is linearly dependent; and the contrapositive: ii) B is
linearly independent = A is linearly independent.

We now prove the transitivity of linear dependence.
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Theorem 2.8 . If Z s linearly dependent on the set {Y;}, j = 1,...,n and each Y;
is linearly dependent on the set { X;}, 1 =1,...,m then Z is linearly dependent on the

{Xi}.
PRroOOF: . This is trivial arithmetic. We know that

Z=aY1+...+a,Yn,
and that

Y}' = Clel + CQng + ...+ ijXm
By substitution then

Z = ai(en Xy + -+ cuXon) + a2(cr12 X1 + -+ - + 2 Xin)
R an(clle + -+ CmnXm)
= (CL1611 “+ asc12 + - + ancln)X1 + (CL1621 + -+ anCQn)XQ
+"'+(alcml+"'+cmn)Xm

n

=vX1+ -+ YmXm, where v = Z a;cy;.

j=1
More concisely:
n n m m n m
2= 3= Y (o) =3 (S | 0= 3o
j=1 j=1 =1 =1 \j=1 =1

Let X7 and X5 be any elements of a linear space W . Is there a smallest subspace
A of W which contains X; and X5? There are two possible ways of answering this,
constructively and non-constructively.

First, constructively. We observe that the desired subspace must contain X; and
X5, and all linear combinations of X; and Xy, that is, A must contain all X € W
of the form X = a; Xy + a2Xs for all scalars a; and ao. But observe that the set
B={XeV:X =a1X;+asXs2} is a linear space, since if X and Y € B, then aX € B
for any scalar a, and also X +Y € B. Thus the desired subspace A is just B itself.

The constructive proof goes as follows: just let A be the intersection of all subspaces
containing X; and X, . By Theorem 3 the intersection of these subspaces is also a subspace.
It is clearly the smallest one. Do you feel cheated? This type of reasoning is often used in
modern mathematics. Although it reveals little more than the existence of the sought-after
object, it is an extremely valuable procedure when you really don’t want anything more
than to know the object exists. More important, procedures like this are vital when there
is no constructive proof available.

More generally, if S ={X;}, j=1,...,k, is any finite subset of a linear space W', we
ask for the smallest subspace A of W which contains S. There are two proofs - exactly
as in the simple case above (where k = 2). From the constructive proof we find that

k
A={XeW: X:Zanj, ajscalars },
1

so A is the set of all linear combinations of the X;’s. This set A is called the span of S,
and denoted by A = span(S). We also say that S spans A, or that A is generated by S .
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EXAMPLES:

(1) In R? let X; = (1,0,0) and Sy = (0,1,0). Then the span of S={X;, j=1,2} is
all X € R3 of the form X = a1 X1 +asXs = (a1,a2,0). If we imagine R?® as ordinary
3-space, then the span of X7 and X, is the entire z1,z9 plane.

(2) In R3, let X3 = (1,0,0), Xo = (0,1,0), and X3 = (0,0,1). Then the span of
T = {Xj, j= 1,2,3} isall X € R3 of the form X = a1X1+a2X2—|—a3X3(a1,a2,a3) .
Since all of R? can be so represented, we have span(7) = R?, that is, the set B spans
R3. Comparing these two examples, we see that S C T and span(S) C span(T).

(3) In R?, let X; = (1,0) and X3 = (0,1). Then the span of S = {X;, Xy} is all of
R?, since every X € R? can be written as X = a1 X1 + a2 Xs, where a; and as are
scalars. Many other sets also span R?. In fact almost every set of two vectors X; and
X5 in R? span R?. This can be seen from the diagram, where we have drawn a net
parallel to X; and X5. Then X = a1 X1 + asXso. Any vectors X; and X5 would
do equally well, as long as they do not point in the same (or opposite) direction.

We collect some properties of the span
Theorem 2.9 . Let R, S, and T be subsets of a linear space W . Then
(a) R Cspan(R).
b) R C S = span(R) C span(S).
¢) R Cspan(S) and S C span(T) = R C span(T).

(
(
(d) S C span(T) = span(S) C span(T).
(e) span(span(T’)) = span(T).

(

f) A vector X; € S is linearly dependent on the other elements of S <= span(S) =
span(S—{ X; }). (Here S—{ X} means the set A with the one vector X; deleted).

PROOF: These all depend on the representation of span(S) as a linear combination of the
elements of §'.

(a) and (b)—Obvious. They really should be if you understand the definitions.

(c). A direct translation of Theorem 7.

(d). This is the special case R = span(S) of part c.

(e). By part (a) span(span(7")) D span(7"). The opposite inclusion span(span(7)) C
span(7') is the special case S = span(T') of part (d).

(f). X; linearly dependent on S —{X;} =S C span(S —{ X, }). Thus by part (d),
span(S) C span(S—{ X; }). Inclusion in the opposite direction span(S—{X; }) C span(S)
follows from part (b). Therefore span(S) = span(S — { X, }) means that X; € span(S)
can be expressed as a linear combination S — { X; }, i.e., the other X} ’s.

Now most likely this proof was your first taste of abstract juggling and you find it
difficult. Relax and don’t be impressed with how formidable it appears. Except for parts a
and b, the whole business hinges on the explicit construction of Theorem 7. Since (d) is a
special case of (c), a good exercise is to write out the proof of (d) without relying on (c).

In R?, let X7 = (1,0), X2 = (0,1), and X3 be any vector in R?>. Observe that X;
and X, together span R?. Thus X3 can be expressed as a linear combination of X; and
Xy, so that X1, Xo, and X3 are linearly dependent. The next theorem is a generalization
of this idea.
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Theorem 2.10 . If a finite set A={X;, j=1,...,n} spans a linear space W, then ev-
eryset S={Y; €V, j=1,...,m>n} with more than n elements is linearly dependent.
In other words, every linearly independent set has at most n elements.

PrROOF: Pick any n + 1 elements Yi,...Y,41 from S and throw the rest away. Call the
new set S. We shall show that these n 4+ 1 elements are linearly dependent. Then, since
S c S, Theorem ? tells us that S is also linearly dependent. The only problem is how
to carry out the proof without getting involved in a mess of algebra. By the principle of
conservation of effort, this means that there will be some fancy footwork.

Reasoning by contradiction, assume S is linearly independent. If we can show that
span(A) = span(S —{Y,+1}), then span(S) C span(S —{Y,+1}) because span(S) C V =
span(A) = span(S — { Y41 })). Since span(S — {Y,41}) C span(S), we can apply part f
of Theorem 7 to conclude that S is linearly dependent - the desired contradiction.

Thus, assuming S = {Y1,...,Y,41} is linearly independent, we are done if we prove
that span(A) = span(S — {Y,41}). Consider the set By = {Y1,..., Y, Xpg1,...,Xn }.
We know that By = A, so that span(By) = span(A) = W . Then by induction we shall
prove that span(Bj) = W = span(Bg+1) = W . Since span(Bj) spans W, then Yiyq
is a linear combination of the elements of Bj. Because the Y ’s are assumed linearly
independent, this linear combination must involve at least one of Xjy1,...,X,. Say it
involves X1 (if not, relabel the X ’s to make it so). Then we can solve for X1 as a
linear combination of span(Bjy1). Therefore W = span(By) = span(Bj41) . Putting this
part together, we find that span(A) = W = span(By) = span(B;) = ... = span(B,,) . But
B, =5 —{Y,1}. Thus span(A4) = span(S — { Y41 }), and the proof is completed.
Ezample. In R? | any three (or more) non-zero vectors are linearly dependent since the two
vectors X; = (1,0) and Xo = (0,1) span RZ.

Exercises

) In Py pi(z) =1, pa(z) =142, p3(z)=x—x
b) In R3, X7 =(0,1,1), X5 = (0,0, 1), X3 = (0,2,3).
(¢c) In C[0,x], f(z) =sinz, g(xz) = cosx.
(d) In R™, e; = (1,0,0,...,0), e2 = (0,1,0,0),...,en = (0,0,...,0,1).
(2) Use the result of (d) to show that any set of n + 1 vectors in R™ must be linearly
dependent.
(3) (a) Find a set which spans
i) P, i) R*
(b) Show that no finite set spans [; .
(4) Let Xi,..., Xk be any elements of a linear space V.
(a) Prove that span({ X1,..., Xy }) = span({ X1 + aX;, Xo,..., Xy }), where a is
any scalar and X is any of the Xo, X3,..., X}, .
(b) Prove that span({ Xi,...,Xx}) =span({aXi,Xs2,..., X }),a #0.
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(¢c) In R™, consider the ordered set of vectors {Xi,Xa,..., Xy}, where X; =
(21, %25, ..., Tn;) . They are said to be in echelon formifi) no X; is zero, and ii)
the index of the first non-zero entry in X is less than the index of the first non-
zero entry in Xy, foreach j=1,...,k—1. Thus X; = (0,1,0), X2 = (0,0,1)
are in echelon form while X; = (0,1,0), X5 = (1,0,1) are not in echelon form.
Prove that any set of vectors in echelon form is always linearly independent. (I
suggest a proof by induction).

(5) For what real value(s) of the scalar « are the vectors (a,1,0), (1,a,1) and (0,1, @)
in R? linearly dependent?

(6) (a) In R?,let X; = (3,—1,2). Express (—6,2,—4) linearly in terms of Xj. Show
that (3,4,—7) cannot be expressed linearly in terms of X;. Can (1,2,1) be
expressed linearly in terms of X; 7

(b) In R?, let A= {X;,X2}, where X; = (1,3,—-2) and X, = (2,1,1). Express
(3,—1,4) linearly in terms of A. Show that (0,0,2) cannot be expressed linearly
in terms of A. Can (0,5,—5) be expressed linearly in terms of A?

(7) (a) In C[0,10], let fi,...,fs be defined by

filz) =22 —z +2, f5(:c):

fa(z) = (z +1)2 fe(x) =sinzx
fa(x)=2+3 fr(x) = cos

fa(x) =1 fs(x) = sin (m + 7/4).

Let A ={fi, f2, f3}. Express f; linearly in terms of A. Show that f5 cannot
be expressed linearly in terms of A. Is fg € span(A)? Is fs € span(fs, f7)? Is

fe € span(fs, fr, fs)?

(b) If welet fo(x) = (z—1)3, fio(z) = 22 — 1, determine which of the following sets
are linearly dependent:

(i) {f1, f3 fio},
(i) { fi,fss fo}
(iii) { f3, f1, f10},
(iv) {f1, fa, f5, fo },

2.4 Bases and Dimension

If the set {X1,...,X,,} spans the linear space W, is there any set with less than m
vectors which also spans W ? There certainly is if the { Xi,...X,, } are linearly depen-
dent, for if say X,, depends linearly upon the { Xi,...,X,,—1}, then by Theorem 77,
span({ X1,...,Xm }) = span({ X1,...,X;m}) = W, so then {X1,..., X1} span W.
We can continue and eliminate the extra linearly dependent elements until we obtain a set
{X1,...,X, } of linearly independent vectors which still span W .

Definition. A set of vectors X; € W,j =1,...,n which is i) linearly independent, and
ii) spans W is called a basis for W .

Ezxamples.
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(1) In R?, the vectors X7 = (1,0) and X3 = (0,1) are linearly independent and span
R?. Therefore X; and X, form a basis for R?. The vectors X3 = (3,—1) and
X, = (—2,2) in R? are also linearly independent and span R?. They thus constitute
another basis for R?. Almost any two vectors in R? span R?, as long as they do not
point on the same or opposite direction.

(2) In Py, the polynomials pi(z) = 1, and py(x) = x — 22 do not form a basis. They
are linearly independent but do not span the space - since for example you can never
obtain the polynomial p(x) =z which is in Py . If we add the third polynomial, say
p3(z) = x — 222, then py, po and p3 do form a basis for Py .

Bases have an important property.

Theorem 2.11 . If { X1,...,X,,} form a basis for the linear space W, then every X €
W' can be expressed uniquely as a linear combination of the X; ’s.

Remark: Every set which spans W has, by definition, the property that every X € W can
be expressed as a linear combination of the X;’s. The point here is that for a basis, this
linear combination is umquely determined.

PROOF: Suppose that X = Zaka and also X = Zkak We must show that ap = b

1 1
n

for all k. Subtracting the two equations we find that 0 = Z Xy, , where ¢ = ap — by, .

But since the X} ’s are linearly independent, by the Corollarly to Theorem 5, the only way
a linear combination can be zero is if ¢z =0, k= 1,...,n, that is, ap = by for all k.

We have observed that a linear space may have several different bases. Is it possible
that different bases contain a different number of elements? Our next theorem states that
the answer is NO.

Theorem 2.12 . If a linear space W has one basis with a finite number of elements, say
n, then all other bases are finite and also have exactly n elements.

PRrROOF: We invoke Theorem 7. Let A be a basis with n elements and B be a basis with
m elements. Now A spans W and the elements of B are linearly independent, so the
Theorem 7, m < n. Reversing the roles of A and B we find that n < m. Therefore
n=m.

With this result behind us, we can now define the dimension of a linear space.
Definition. If a linear space W has a basis with n elements, then we say that the dimension
of W is n. If a linear space W has the property that no finite set of elements spans it,
we say it is infinite dimensional.

Remarks. Theorem 7 states that the dimension of W is independent of which basis we
happened to pick. If we want to emphasize the dimension of a finite dimensional space, we
will write W™ .

Announcement. The dimension of R™ is n, for the n elements e; = (1,0,0,...,0), ea =
(0,1,0,...,0),..., e, =(0,...,0,1) are linearly independent and span R".

A picture. We have seen that e; = (1,0,0), es = (0,1,0), e3 = (0,0,1) form a basis
in R?. Thus every X € R? can be expressed uniquely as a linear combination of the ej’s,
X = aje1 + asey + ageg . If we represent e as a directed line segment from the origin to
(1,0,0), and similarly for ey and es, then X is the geometrical sum of aje; + ages +ases ,
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and is represented as a directed line segment from the origin to (a1,az2,a3). In R3, e is
usually written as i, ey as j and e3 as k, so that a vector X € R? is written as
X =a1i+ asj + ask.

The points in the plane z3 = 0, which is isomorphic to R?, are then represented as
X = alg + aﬁ +0k = aﬁ + agj' . We would retain this notation except that one runs out of
letters when considering spaces of higher dimension. For that reason the subscript notation
e1,€2,... is better suited to our purposes.

It behooves us to show that the linear space C[0,1] of functions continuous in the
interval [0,1] is infinite dimensional. This will be done by proving that the functions
folz) =1, fi(z) = €%, fa(x) = €®*, ..., fulx) = €™, ... are linearly independent. Assume

N

that 0 = Z are’®  where N is any non-negative integer. We must show that all the ay’s
k=0

are zero.
The trick is to use induction. For N = 0, we know that 0 = ag only if a9 = 0.
N-1
Suppose 1,e%,e?* ..., eN=D% are linearly independent. Then Z are® = 0 if and only
k=0
N
if all of the ay’s are zero. Let us show that this implies that Z age®™ =0 if and only if
k=0

all the ay’s vanish. Take the derivative. The constant term drops out and we are left with
0= are® + 2a2e** + - -+ + NayeN®.

Factor out e*
0= em(al + 2&26:6 4+ 4 NaNe(N—l)m)‘

Since e” is never zero, we know that

0= aj + 2ase® + --- + NayeN-1z,

By our induction hypothesis, this linear combination of !, e*,...,e=D% can be zero if
and only if a1 = as = a3 = -+ = ay = 0. It remains to show that ag = 0. This is an
N

immediate consequence of Z are®™ =0 and the vanishing of ag, for k> 1.
k=0

Since the functions 1,¢e%, e .., are in C¥[a,b] for any k we have shown that these
spaces are infinite dimensional too. Moreover, the exact same proof also shows that the
set {e¥ ¥ . e*NT1l  where aq,...,ay are arbitrary distinct complez numbers, is
linearly independent. This fact will be needed later. Perhaps we shall present a different
proof - or several different ones - at that time. All of the other proofs still involve some
calculus - but that should be no surprise since we used calculus to define the exponential
function in the first place.

Not all spaces of functions are infinite dimensional. For example, the function space
A={feC[-1,1]: f(x) =a+be*, a, b € R} has dimension 2. The functions fi(z) =1
and fo(z) = e constitute a basis for A because every f € A can be written in the form
f=a1fi+aafa, where a; and ag are real numbers. Another basis for A is f3(z) = 1+e”
and fy = 2 — e*. There are many ways to see this. One is to observe that f3+ f4 = 3
and 2f; — fo = 3¢®. Thusif f(z) = a+be® € A, then f = (fs+ fa) + 2(2f3 — fa) =
G+ f+(§—5f

2x
-
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The function space B = {f € C[-1,1]: f(z) = asin(z + a), a,a € R}, also has
dimension two, since f(z) = (acosa)sinz + (asina)cosxz = ajsinz + agcosx. Thus
fi(x) = sinz and fa(x) = cosx form a basis. Actually, we have only shown that f;
and fo span B, but not that they are linearly independent. You can settle that point
yourselves.

A few more remarks should be added. If A is a subspace of an n dimensional space
W™ | we would like to enlarge a basis {ej,..., e} for A to alarger basis {e1,...,e,} for
all of W . Since A C W™ | it is clear that k =dim A <n. If A= W", we are done since
{e1,...,er} already span W". Otherwise there is some element egy; in W™ which is
not in A. Let A; =span{ei,...,epr1} C W™, If Ay = W" then {e1,...,ex11} form
a basis for W . Otherwise there is some element exio in W™ which is not in A; . Form
Ay = sp{e1,...,em+2} . Repeat this process until you finally get a basis for all W . Only
a finite number of steps are needed since the dimension of W™ is finite. This proves

Theorem 2.13 . If A is a subspace of (finite dimensional) space W, then any basis for
A can be extended to a basis that spans all of W .

Consider a subspace A of a linear space W . Somehow we would like to discuss - and
give a name to - the part A’ of V' which is not in A. We would like A’ to be a subspace
of V such that the only element of V which A and A’ share is 0, and such that every
element in V' can be written as the sum of an element in A and an element in A’.
DEFINITION: . Let A be a subspace of the linear space V. A complementary subspace A’
of A is a subset of V' with the properties

1. A’ is a subspace of V',

2. If X €V, then X = X; + X5, where X; € A and Xy, € A’.

3. AN A" =0. (The zero vector, not the empty set).

Our first task is to prove

Theorem 2.14 . FEvery subspace A CV has at least one complement A’ .

PRrROOF: Let {e1,...,en} be a basis for A, and {e1,...em,€ms1,...,€n} an extension
to a basis for V. We shall verify that A" = sp{emnt1,...,e, } satisfies both criteria.
Now if X € A and X € A’, then we can write X = aje; + ...+ amem € A, and
X = amy1€er1 + ... +ane, € A'. Subtracting these equations, we find

O=ae1+...+amem — AGmt1€m+1 — -+ — Gpén.
But since {ei,...,e,} is a basis for V', the elements are linearly independent. Thus
ag=ay=...=Qp=0apt1=...=a, =0,50 X =0. Therefore ANA" =0.
Furthermore, if X € V' since {ey,...,e, } is a basis for V', then
n m n
X = chej = ZCjej + Z cjej.
j=1 j=1 j=m+1

Thus we just let X1 =cie1+...+cmem € A and Xo and Xo = cpp1€mi1 + - - - + Cnén -

It is easy to see that the above construction of A’ is independent of the basis chosen for
A . This is because the construction of €, 41,...,€e, (Theorem ??) did not depend on the
particular basis for A. That construction only utilized the fact that we can pick elements
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not in A. However, the construction of A’ does depend on which elements e, 11,...¢e,
(not in A) we pick. For example, let V = R?, and A be some one dimensional subspace.
Then we pick e, as any vector in A, and ey as any vector not in A. The resulting
complement A’ is then the span of ey. But {e;} could have been extended to a basis
for V' by choosing another vector é; > A. This determines a different complement A’ of
A . A subspace has many possible complements. This ambiguity will not bother us since
we shall only use the properties of a particular complement which do not depend on which
particular complement is chosen. The dimension of the complement is such a property. It
only depends on the dimension of the subspace A and the larger space V', and has the
reasonable formula dim A’ = dim V' — dim A, which we now prove.

Theorem 2.15 . If A is a subspace of a linear space V and if A’ is any complement of
A, then
dim A + dim A" = dim V.

Thus, the dimension of A’ is determined by A and V alone.

PrROOF: The dim A and dimV are given data. We shall compute dim A’. Since the
union of a basis for A with a basis for any A’ spans V (property 2), it is clear that
dim A + dim A" > dim V. However A and any A’ intersect only at the origin (property
3) and are subspaces of V. Thus the union of their bases can span at most V', that is,
dim A + dim A’ < dim V. These two inequalities prove the theorem.

REMARK. Some people refer to dim A’ as the codimension of A (complementary
dimension). In this way they avoid mentioning A’ at all. The last theorem can be written
as dim A 4+ codim A = dimV .

A simple result closes the chapter.

Theorem 2.16 . If A is a subspace of V and A’ is a complement of A, then for X € V
the decomposition X = X1 + Xo, X1 € A, Xo € A" is unique.

PiROOF: Assume there are two decompositipns, X=X1+4+ X5 and X = )~(1 + Xg . Then
X1+ Xo=X1+ X9 or X1 — X1 = Xo — Xy. However the left side of this eguation is in
A while the right is in A’. The only element in both A and A’ is 0. Thus X; = X; and
Xo=X5.

| A FIGURE GOES HERE |

EXERCISES

(1) (a) Let A={X €R?: 2y =0}. Find a basis for A and extend it to a basis for all
of R?. Use this to define a complement A’ of A. Sketch A and A’. Extend
the same basis for A in a different way to a basis for all of R?. Use this to
define another complement A’ of A. Sketch A’.

(b) Find a basis for the subspace A = {X € R?: z; + 29 + 23 = 0}. Extend

this basis to one for all of R?. Define a complement A’ of A induced by this
extension. Write X = (—1,0,7) as X =Y; + Y2 where Y1 € A and Y, € A'.

(2) (a) Let A={pe Py:p(0)=0}. Find a basis for A and extend it to a basis for
all of Py. Define A’ induced by this extension. Is the particular polynomial
p(r) = 14+ 22 in A? in A'? Write p(z) as p(z) = qi(x) + q2(z) where
q1(z) € A, ga(x) € A"
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(b) Let A= {pe€ Py:p(l)=0}. Find a basis for A and extend it to a basis for
all of Po.

(3) Let A be a subspace of a linear space V. Show by an example that a basis for V
need not contain a basis for A.

(4) If dimV =n and V = sp{ X1,..., X, }, prove that Xj,...,X,, are linearly inde-
pendent.

(5) Let V = P4 and A the subspace spanned by 1,22 and z?. Find three different
subspaces complementary to A (you may specify a subspace by giving a basis for it).

After all this about bases, it is probably best to notify you that properties of linear
spaces are best defined and proved without introducing a particular basis. As soon as you
define a property of a linear space in terms of a basis, you must then prove that the property
is intrinsic to the space itself and does not depend upon the basis you choose. We met this
problem in defining the dimension in terms of a basis - and were consequently forced to
prove Theorem 7 which stated that the property really only depended on the space itself,
not on the basis chosen.

This, in fact, corresponds to one of the major requisites for laws of physics: they should
not depend upon the particular coordinate system you choose (picking a coordinate system
is equivalent to picking a basis). Moreover, the laws should not depend on the units you
choose for each axis of the coordinate system. But these are long, involved questions which
must be investigated deeply to make our remarks precise.

One should, however, distinguish theoretical issues from computational ones. In theo-
retical questions, the rule is never pick a specific basis unless there is no way out. On the
other hand, for computational questions you must always pick a basis. Just as in physics,
on order to perform any measurements, you must pick some specific coordinate system
and specific units. If the theoretical foundations are firm, then you can feel confident that
no matter what choice of basis you make, the essential nature of the results will remain
unchanged.

As an example, let us consider a point P and two different fixed coordinate systems in
the plane of this paper. You should feel that any motion of the point P can be described
adequately in either coordinate system - and that when the observers in the two coordinate
systems get together and discuss the motion of P, they will agree as to what happened. A
common example is the meeting of two people from countries using different units of money.

Exercises

(1) Prove that any n + 1 elements in a linear space of dimension n must be linearly
dependent.

(2) Prove that P, has dimension n + 1.

(3) Since a basis for a linear space of dimension n must contain exactly n elements,
all one must test is that the n elements which are candidates for a basis are lin-
early independent - or equivalently that they span the space. Show that the vectors
{Xi,...,X, } form a basis for R if and only if ej,es,...,e, can all be expressed
as a linear combination of the { Xi,..., X, }.
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(4) Use Exercise 3 to determine which of the following sets from bases for R3.

(a) X1 = (17 170) (1 0, 1) X3 = (07 1, 1)

(b) X1=(1,0,1), X5 = (1,1,1).

() X1=(1,0,1), Xo =(1,1,0), X3 =(0,-1,1).

d) X, =(1,1,1), X2 =(1,2,3), X3 = (17,3,9), X4 = (=2,7, —1).
(e) X1=(-1,0,2), Xo=(1,1,1), X3—(2,3,—1).

(5) Prove that the subspace of functions in C[0,7] which vanish at z = 0 and at
x = m is infinite dimensional by showing that the functions fi(z) = sinz, fa(z) =
sin2z,..., fr(x) = sinkz,... are all linearly independent. [Hint: Assume that 0 =

N

Z ay sin kx , for arbitrary N and show that all the aj ’s must be zero by multiplying

k=1
both sides by sinnx and utilizing the important formula

/sinn:vsinkxd:n:{ v k7 n }]
0 9 5 ]{7:71.

[an}

(6) Let C*[a,b] denote the set of all complex-valued functions f(z) = u(x) + iv(z)
which are continuous for = € [a,b]. The complex number field C is the field of

scalars for C*. What is the dimension of the subspace A = { f € C*[—m,7|: f(z)

ae’™ 4+ be~ a,b € C}? Show that fi(z) = cosx and fa(x) = sinz constitute a

basis for A. [Hint: Use (?) on p. ?].
(7) Which of the following sets of vectors form a basis for R*?

(a)
(b) Xu

Xy = (1707(]’5)? Xo = (0337276)7 X3 = (07071a2)7 Xy = (070707 1)-
= (1,6,7, 0), Xy = (—2, 2, 5,0), X3 = (4,5,6,0), Xy = (7,8,3,0).

(¢) X1=(1,2,5,7), Xo=(4,9,11,8), X3=(6,3,12,2), X,=(3,—4,7,6),

X5 = (0,0,0,1).
d) X;=(1,2,3,4), Xo=1(0,2,3,4), X3=(0,0,3,4), X4=0,0,0,4).

(8) Find a basis for the following subspaces.

(a) A={XeR*: 21 +22=0}

b) B={XeR: oy +ax2+23=0}

(c) C={pePs3:p(0)=0}

(d) D={pePs:p(1)=0}

() E={uecC-1,1]: v/ -u=0}

() F={uel'-1,1]: v +2u=0}.



100 CHAPTER 2. LINEAR VECTOR SPACES: ALGEBRAIC STRUCTURE



Chapter 3

Linear Spaces: Norms and Inner
Products

3.1 Metric and Normed Spaces

Until now we have been contented with being able to add two elements X; and X, of a
linear space, and to multiply them by scalars, aX . Since only these algebraic operations
have been defined, only algebraic questions could have been raised and answered. Notably
absent were any mention of convergence, because the idea of one element of a linear space
being “close” to another was not defined. In this chapter we shall introduce a distance
or metric structure into linear spaces. Instead of lingering in the realm of generalities, we
shall define metric and norm in this first section and devote the balance of the chapter
to a particular kind of metric which generalizes the “Pythagorean distance” of ordinary
Fuclidean space. Fourier series supply a wonderful and valuable application.

Our first notion of distance, that of a metric, makes sense for elements X, Y, Z of an
arbitrary set S. The idea is to define the distance d(X,Y) between any two elements of
S'. This distance is a function which assigns to every pair of points (X,Y) a positive real
number d(X,Y) called the “distance between X and Y 7.

Definition. Let S be a non-empty set. A metric on S is a real-valued function d :
S xS — R, where X,Y €5, which has the three properties:

i) d(X,Y) > 0. dX,Y)=0<= X =Y

ii) (symmetry) d(X,Y) =d(Y,X),

iii) (triangle inequality) d(X,Z) < d(X,Y)+d(Y,Z).

Well, they certainly are reasonable requirements for any function we intend to think of
as measuring distance.

Ezamples.

(1) This first example is trivial but acts as an important check on intuition. With it, you
see that every non-empty set can be regarded as a metric space with the following
metric

0, ifX=Y
d(X’Y)_{l ,if X AY.

A moments reflection will show that this is a metric—but not too useful since it is so
coarse.

101
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(2) For the real line, R, with the usual definition of absolute value we define d(X,Y’) =
|X — Y|, which is clearly a metric.

(3) Another less common metric may be given to R. We define d(X,Y) = %

Only the triangle inequality is not evident—and that involves some algebra. This
metric has the property that the distance between any two points is always less than
one, d(X,Y) <1 forall X,Y €R.

(4) R™ can be endowed with many metrics. Let X = (z1,22,...,2,), Y = (Y1,.--,Yn)
and Z = (z1,...2,) be arbitrary points in R™. The metric you most expect is the
Fuclidean distance

n

d(X,Y) = [(21 —y1)® + ot (o0 —y)’1V2 = D (2 — )2
k=1

Again, only the triangle inequality is not obvious. It is a consequence of the Cauchy-
Schwarz inequality

n 2 n n
(Do) <3yt e
k=1 k=1 k=1
which in turn is an immediate consequence of the algebraic identity
n
(Soe) =St 43 St s
k=1 k=1 = i=1 j=1

And now the triangle inequality. Let ar = xp — Y, and by = yr — 2. Then
T — 2z = ai + b . Thus, using Cauchy- Schwarz in the second line below, we find

that
[d(X,Z)]2=Zak+bk Za "’QZakbk"‘Zbk
k=1 k=1 k=1
< Z az +2 Z a2 b7 + Z b2 (3-2)
k=1 k=1 k=1 k=1
no o\ 12 no o\ 12]7
= ( i) + ( bi) = [d(X,Y) +d(Y, Z))%,
k=1 k=1
S0

d(X,Z) < d(X,Y) +d(Y,Z).

Another proof of the Schwarz and triangle inequalities for this metric will be given
later in the chapter.

(5) A second metric for R* is

n
Y) = |ok — il
k=1

The axioms for a metric are easily verified.
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(6) A third metric for R" is

n

1/p
lek—yklp] ,  1<p<oo
k=1

d(X,Y) =

Example 4 is the special case p = 2, while example 5 is the special case p =1. And
again, all but the triangle inequality are obvious. However the triangle inequality,
called Minkowski’s inequality in this general case, is not simple. We shall not prove it
here. Perhaps it will appear as an exercise later.

(7) The usual metric for Cla,b] is the uniform metric

d(f,g) = rgagblf( r) —g(z)|.

Geometrically, this distance is the largest vertical distance between the graphs of f
and g for all x € [a,b)].

(8) The space Li[a,b] of functions whose absolute value is integrable has the “natural”

metric
d(f,g) / |f (@ z)| dz,

which can be interpreted as the total area between the two curves. Since every function
which is continuous for x € [a, b] is integrable there, i.e., Cla,b] C Li[a, b], this metric
is another metric for Cfa,b].

(9) For the function space Cl[a,b], the standard metric is

d(f,9) = max |f(z) — g(x)| + max [f'(z) - ¢'(z)|

a<x<b a<z<b

The metric for C*[a,b] is defined similarly.

There are many theorems one can prove about metric spaces (a metric space is a set
S on which a metric is defined). Look in any book on general topology (or point set
topology, as it is often called) and you will find more than enough to satisfy you. For
most of our purposes metric spaces are too general. Normed linear spaces will suffice.
The norm || X|| of an element X in a linear space V is the “distance” of X from
the origin—the 0 element of V.

Definition. Let 'V be a linear space over the real or complex field. If to every element
X €V there is associated a real number || X||, the norm of X, which has the three

properties
i) || X > 0. |X[|=0<= X =0
i) |laX]|| = |a] | X|| (homogeneity), a is a scalar,

i) | X +Y| < | X||+ |Y], (triangle inequality),
then we say that V is a normed linear space.
How does a norm differ from a metric?

First of all, a norm is only defined on a linear space (since aX and X +Y appear in
the definition) whereas a metric may be defined on any set (cf. example 1 above). But if we



104 CHAPTER 3. LINEAR SPACES: NORMS AND INNER PRODUCTS

restrict our attention to linear spaces, how do the concepts of norm and metric differ? Fvery
normed linear space can be made into a metric space in such a way that | X|| is indeed the
distance of X from the origin, d(X,0) = |[|X||. The explicit formula for d(X,Y) should
surprise no one

d(X,Y) = X~ Y.

It is easy to check that d(X,Y’) is a metric. Thus every normed linear space has a “natural”
metric induced upon it. However, a linear space which has a metric need not be a normed
linear space. For example in R, the linear space of the real numbers, the metric of example

3
(X - Y]
dX,)Y)= ———
(X,Y) 1+]|X -Y|
is not associated with a norm because axiom ii) for a norm is not satisfied.
Of the examples considered earlier, all but the first and third metrics arise from norms,
in the sense that
dX,)Y)=d(X -Y,0)=|X -Y].

By far the most common norm in R™ is that given by the Pythagorean theorem (ex-
ample 4). Then

n 1/2
IXI = \Ja?+ad 4+ k2 = (Zm>
k=1

and the induced metric is

n 1/2
d(X,Y) = [|[X =Y = <Z(:ck - yk)2>

k=1

For obvious historical reasons, we shall refer to R? with this Pythagorean norm as Eu-
clidean n -space, and denote it by E™. Note that E" is a linear space with a particular way
of measuring length specified. A metric removes the floppiness from R", giving the addi-
tional structure needed to investigate those geometrical concepts which utilize the notion
of distance.

Once we have a norm (or metric) it becomes possible to discuss convergence of a se-
quence of elements.
Definition: If V is a normed linear space, the sequence X,, € V converges to X € V if,
given any € > 0, there in an N such that

| Xn — X|| <e forall n>N.
As an example, we shall prove the sample

Theorem 3.1 . A sequence of points X, = (mgn),xgn),...:c;n)) in E* converges to the

point X = (x1,...,x) in EF if and only if each component :Eg-n) converges to its respective
limit, nli_)Igoxgn) =x;,j=1,... k.

(n)

ProOOF: i) X, - X =z ;T This is a consequence of the trivial inequality

‘$§n) - xj‘ < \/(f'?gn) —x1)? 4+ (xl(:) —xg)? = || X — X|;
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for if || X, — X| <€ for n > N, then ‘xgn) —:cj‘ < e for n > N too. Thus argn) — Tj.

If the subscripts are cluttering up the proof, go through it again in a special case, say
xgn) — 9.
(n)

ii) z;

Nl,NQ, N Nk such that

— xj = X, — X. By hypothesis, given any e > 0, there are numbers

xgn)—:m‘ < €, for all n > Ny, xé")—mz‘ < € for all n >

No,...,

x,ﬁ"’—mk’ < e forall n> N,. Pick N = max(Ny, Na,...,Ni). This N will
(n)

work for all the T ’s, that is, for every j,

5

j —:):j’<e for all n > N.

Thus

1% — X[ = /@ =202+ ..+ @ — 252

<vVe+..+e&=e/k, foral n>N.

Since k is a fixed finite number, this shows that ||X,, — X|| may be made arbitrarily small
by picking n big enough, so X,, does converge to X .
Ezample. In E*, the sequence X, = (2,2, —%,0) converges to X = (1,2,0,0) since

. nt+1’ n?
n
n—H—>1,2—>2,—E—>0,andO—>0.

A useful elementary result is

(3-3)

Theorem 3.2 . If V is a normed linear space, and if X, — X, Y, — Y in V, then for
any scalars a and b, aX, +bY, — aX +bY .

PROOF: There are essentially no changes from the case of R!. We must show that ||aX,, +
bY,, —aX —bY || can be made arbitrarily small by picking n large enough. One application
of the triangle inequality

|laX, + bY,, —aX —bY || < |aX, — aX]| + ||bY,, — bY ||,
and the homogeneity of a norm, yields
<laf || Xn = X[+ [b] [[Yn =Y.

Because X,, — X and Y,, — Y ,if n > Ny, then | X,, — X| < €. Also, if n > N3, then
|Y, — Y| <e. Pick N =max(Ny, Na). Thus

|laX, +bY, —aX —bY || < |a| e+ |b] e = (Ja| + |b])e, n > N,

and the desired convergence is proved.

For a given linear space V, there may be two (or even more) norms defined, say || ||
and || |1 to distinguish them. Why carry them both around? First of all, a sequence
may converge in one norm and not in the other. Second, even if both norms yield the same
convergent sequences, one norm may be more convenient in some particular computation.
Ezample. Consider the linear space C[—1,1] of functions f(z) continuous for z € [-1,1],
with the two norms (Examples 7 and 8)

[flloo = max | f(z)

—1<z<1

1
ST =/1|f(fv)| dz,
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that is, the uniform norm and the L; norm. We shall exhibit a sequence of functions which
converge in the second norm but not in the first. Let f,(z) be

0, re[-1,—1]
nla+L%) ze[-5,0
[
[

= TL2
fal@) —n3(x — #) z € |0, #]
0 x € #,1]
Then by inspection from the graph (|| ||z is the area), we see that | fn|lcc = m, and

[fulli = L. As n — oo, ||fo — Ol — 0 so that f, — 0 in the L; norm. On the other

hand, ||fn|lcc — oo so the limit does not exist in the uniform norm. If you look at the

graph, f, is zero except for a spike in the interval [—#, %] . As n — oo, the function is

zero in essentially the whole interval, except for the bit around the origin where it blows
up—but it blows up slowly enough that the area under the curve tends to zero.
However, we can prove the

Theorem 3.3 . Let f, and [ be continuous functions, n =1,2,.... If f, — [ in the
uniform norm, then also f, — f in the L1 norm.

Remark. We have just seen that the converse is false.
PROOF: An immediate consequence of the

Lemma 3.4 ||f, — fli < (b —a)|lfn — flloo

PROOF:
b b
\fn—fh:/ \fn(x)—f(x)ldfvé/ 1 — Flloo da

b
- an—fH/ dz = (b— )| fu — fllo

Exercises

(1) In the set Z, define d(m,n) = |m —n| where |z| is ordinary absolute value. Prove
that d(m,n) is a metric.

(2) Suppose that di(X,Y) and da(X,Y) are both metrics for a set S, where X,Y € S.
a). Show that [di(X,Y)]? is not, in general, a metric. b). Prove that di + ds and

\/d% + d% are also metrics for S'.
| X-Y|

(3) Prove that the function d(X,Y) = THX—Y] X, Y € R, is a metric, but that it is not
anorm on R.

_ k _
(4) Let X = (x1,...,2%) € R¥. Define || X||c = 1?%c|$l"

(a) Prove that || X||o is a norm for R*, and write down the induced metric.
K k 1/2

(b) Let [ X[ =) |zl and || X|2 = (Zl$z|2> :
=1 =1

Prove
[ X oo < 1 XTl2 < [[ X1 < B[] X ||oo-
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(c) Consider the sequence X, = (1— 21 -7,1) in R3.
In which of the norms || ||, || l2,]| |1 does it converge, and to what?

(5) Let X,, be a sequence of elements in a normed linear space V (not necessarily finite
dimensional). Prove that if X,, — X, then the sequence X, is bounded in norm (a
sequence X, in a normed linear space is bounded if there is an M € R such that
| Xn|l < M for all n). [Hint: Compare with Theorem 6, page ?77].

(6) Compute the || |[1,] [l2,and|| |l (cf. Ex. 4) norms of the following vectors in
R3.
a) X:(17272)7 b) Y:(2’*271)7 C) Z:(0737*4)> d) WI(O,*l,O).

(7) Compute the || |1,]| |[l2;and| |c norms of the following functions for the interval
[_17 1] :
a) f(x)=—-2x+3 b) g(z) =sinnx, c) hp(z) =a"

d) As n — oo, does the sequence h,, converge in any of these three norms?

(8) Which of the following define norms for the given linear spaces?
a) For R®, [X] =2} + 22 + 2%
b) For P, [p] = Orgfglp(a:)
F =
¢) For s, [p] = max |p(z)|

d) For R?, [X] = |21 + |2
e) For R, [X] = /1 + 2%+ 22 + 23 + 22.

(9) Prove that [X] = \/2? 4+ 23 defines a norm for R? (some algebraic fortitude will be
needed to prove the triangle inequality).

3.2 The Scalar Product in 2

In Euclidean space E?-—which we remind you is R? with the Euclidean norm || X| =
\/2% + r3—one can introduce many geometric concepts and develop a corresponding geo-
metric theory. Most important of these concepts is that of angle—especially orthogonality
(perpendicularity). It turns out that these ideas generalize almost immediately to all E™,
and even to some exceedingly important infinite dimensional spaces. This section is devoted
to the most simple situation: E?. Please look at the pictures.

To begin, we introduce the scalar product (also called the dot product, or inner product)
of two vectors X and Y .
Definition: If X and Y are two vectors in E2, their scalar product (X,Y) (sometimes
written X -Y) is defined by

(X, V) = [ X[ [[Ylcosb,

where 6 is the angle between X and Y .

Notice that the scalar product of two vectors is a real number, a scalar, not another
vector. We need not specify the direction in which 6 is measured, counterclockwise or
clockwise, since cosf = cos(—0). Further, we can use either the acute or obtuse angle
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between X and Y since cos(2m — 6) = cos@. It is important to observe that the scalar
product of two vectors is defined independent of any coordinate system.
We are immediately led to some simple consequences.

Lemma 3.5 . Two vectors X and Y are orthogonal if and only if (X,Y) =0

PrOOF: If X and Y are orthogonal, the angle 6 between them is 7, so (X,Y) =
| X| |IY[cos§ = 0. In the other direction, if (X, Y) =0, then || X|| [|Y|cos# =0. If
neither ||X|| nor |Y| =0, then cosf§ =0, that is =5 or 2F. Thus X is orthogonal
to Y. If [|[X] or ||[Y]| = 0, then one of them is just the point at the origin, the zero
vector. We agree to say that the zero vector is orthogonal to every other vector. With this
agreement, (X,Y)=0= X LY, and the second half of the theorem is proved too.

There is a nice geometric interpretation of the scalar product. A hint of it appeared in
our last lemma. Let e be a unit vector, ||e]| = 1. Consider (X, e) = ||X||cosf (see figure).
This is the length of the projection of X in the direction of e, or in other words, the length
of the projection of X into the subspace spanned by the single vector e. Strictly (X, e) is
not really a “length”, since “length” carries the implication of being positive, whereas the
real number (X, e) will be negative if the projection “points” in the direction opposite to
e. We shall, however, allow ourselves this abuse of language. The vector U; which is the
projection of X into the subspace spanned by e is U; = (X, e)e.

If Y is a (non-zero) vector in E? which is not a unit vector, the above geometric idea
goes through by making the simple observation that given any vector Y # 0, the vector
e =Y/||Y|l is a unit vector in the direction of Y .

Now you are certainly wondering how in the world we compute this scalar product.
You could take out your ruler, protractor and table of cosines—but we will present a more
convenient method. In order to compute this as is always the case, a particular basis must
be chosen. Then the vectors X and Y can be given explicitly in terms of the basis. Since
we want to show that the concepts are independent of any particular basis, you must relax
and be patient. Only after the theory has been exposed will we reveal how to compute in
terms of a given basis.

Theorem 3.6 (a) (X, X)=|X|?
b) (X, V) = (¥, X)
c) (aX,Y)=a(X,Y) where a € R.
d) (X,aY)=a(X,Y), where a €R.

) (X,Y +2Z)=(X,Y)+ (X, Z)

(

(

(

() (X+Y,2)=(X,2Z)+(Y, Z)

(f)

(&) KX, YOI <|XI[ Y]l (Cauchy- Schwarz inequality)

PROOF:
(a) Obvious since § =0 and cos0=1.

(b) Obvious since cos(—6) = cosf .
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()

The vectors X and aX lie along the same line through the origin. There are two
cases, a >0 and a <0 (a =0 is trivial). If a > 0, the angle 6 between X and Y
is identical to that between aX and Y . Since |[aX| = a||X]|| for a > 0, this case is
proved, for

(aX,Y) =|aX| [Y]cosf=a(X,Y).

If a <0, then aX points in the direction opposite to X . Thus the angle 6; between
aX and Y equals m — 6, where 6 is the angle between X and Y . The following
computation completes the proof:

(X, V) = [laX| [[Y]cosbr = [a] [ X][[[Y]| cos(m — 6)

(3-5)
= —la| [ X[ [[Y][cos® = al X| [[Y]cos# = a{X,Y)

By (b) and (c) and (b) again we are done

(X, aY) =(aY, X) =aY, X) =a(X,Y).

This is the most subtle part. We shall rely on the interpretation of the scalar product
(U, e) as the length of the projection of U in the subspace spanned by e. First, let
e = Z/||Z]| be the unit vector in the direction of Z. We shall show that (X +Y, e) =
(X, e) + (Y, e). A picture is all that is needed now. Two situations are illustrated,
where both X and Y are on the same side of the line perpendicular to e and

| A FIGURE GOES HERE |

where X and Y are on opposite sides of that line. The vector X +Y is found from
X and Y by the parallelogram rule for addition. Interpreting the scalar product of
a vector with e as the length of the projection into the subspace (line) spanned by
e, we see (look) that we must prove

OP=0Q + OM .

But since OA and BC' are on opposite sides of the same parallelogram, know that
OM=QP both in magnitude and direction. The natural substitution yields

OP=0Q + QP,
which is indeed all we desired. Thus
(X+Y,e)=(X,e)+(Y, )

To prove the general result for Z = ||Z]|e, multiply the last equation by ||Z||, which
is a scalar. Then by part a we find

(X +Y, [[Z]e) = (X, [|Z]le) + (Y, | Z]le),

or

<X+}/v Z>:<X7 Z>+<Y7 Z>>

We are done.
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(f) By parts (b), (e) and (b) again we obtain the result.

(X, Y+2)=Y+Z, X)= Y, X)+(Z, X)=(X,Y)+ (X, Z)

(g) Obvious since |cosf| < 1. It is evident that equality occurs when and only when
cosf £+ 1, that is, when X and Y lie along the same line (possibly pointing in
opposite directions).

If e is a unit vector, we know how to find the projection U; of a given vector X into the
subspace spanned by e, it is U; = (X, e)e. Similarly, if Y is any vector—not necessarily
of length one, then since Y/||Y|| is a unit vector in the direction of Y, the projection of X
into the subspace spanned by Y is (X, Y/||[Y|)Y/||Y|| = (X, Y)Y/||[Y]]?. We can also find
the projection Uy of X into the subspace orthogonal to the unit vector e. Since the sum
of Uy and Uy must add up to X, X = Uy +Us, we find that Uy = X —U; = X — (X, e)e.
Thus, we have proved

Theorem 3.7 . If X and Y are any two vectors, ||Y|| # 0, then X can be decomposed
into two vectors Uy and Uy, X = Uy 4+ Us such that Uy is in the subspace spanned by Y
and Us is in the orthogonal subspace. The decomposition is given by Uy = (X, Y)Y/||Y|?
and Uy = X — (X, Y)Y/||Y|?, so that

Y

X =(X,Y) W)'

W+(X—(X,Y>

Without further delay, we shall show how to compute the scalar product of two vectors.
In order to carry this out we must introduce a basis. Let X; and X5 be any two vectors in
E? which span E?. Then every vector X € E? can be written in the form X = a;X;+as X5,
where the scalars a; and as are determined uniquely by the vector X . Now it is most
convenient to have a basis whose vectors are i) orthogonal to each other and ii) have unit
length. Such a basis is called an orthonormal basis (orthogonal and normalized to have

unit length). In other words e; and ey are an orthonormal basis for E? if lejll =1 and
(e1, e2) = 0. This requirement is most conveniently stated by introducing the Kronecker
symbol 0y,

S — { 0 j#k

gk 1 j=k.

Then the orthonormality property reads (e;, ex) = 6k, j, k = 1,2. The notation is perhaps
excessive for this simple case, but will really be useful in our generalizations.

Therefore, let e; and ez be an orthonormal basis for E?, so that if X € E?, X =
r1e1 + woes . Fix the basis throughout the ensuing discussion. Observe that x; and o
can be computed in terms of X , and the basis vectors e; and eq, viz (X, e1) = (z1e1 +
x9e9, e1) = x1(e1, e1) + walea, 1) = w1, since (e, e;) = 1 and (ey, e2) = 0. Similarly,
(X, ez) = w9 . Thus we have proved

Theorem 3.8 . If {¢;}, j=1,2, form an orthonormal basis for E?, then every vector

2
X € E? can be written as X = Za:jej , where x; is the length of the projection of X
j=1
into the subspace spanned by ej, x; = (X, €;).
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If X =x1e1 +x9e2 and Y = yje1 + yoes are any two vectors in E2 , then
(X,Y) = (wie1+ m2eg, y1e1 + y2e2)

= (w1e1 + waea, y1e1) + (T1e1 + z2e2, Yoe2)

= (x1e1, y1e1) + (w2e2, y1e1) + (w1e1, yaea) + (x2e2,, Y2)
T1y1(er, e1) + zays(e2, e1) + T1y2(e1, e2) + vay2(ea, €2)

= x1y1 + 0+ 0+ x2y2 = 2191 + T202.

Now you see how easy it is to compute the scalar product of X and Y in terms of the
representation from an orthonormal basis. Let us rewrite our result formally.

2
Theorem 3.9 . Let {e;}, j = 1,2, form an orthonormal basis for E*. If X = Zacjej
j=1
2
and Y = Zvjej , then
j=1
2
(X,Y) = Z%’yj = Z1Y1 + T2yo.
j=1

Some numerical examples should reassure you of the basic simplicity of the computation.
As our orthonormal basis in E? | we choose the vectors e; = (1,0) and ez = (0,1). These
both have unit length, and are perpendicular (one is on the horizontal axis, the other on
the vertical axis). Let X = (—2,3). Then X = —2e; 4 3e2. Notice that —2e; and 3es
are exactly the projections of X into the subspaces spanned by e; and ey respectively. If
Y = (1,—-2), then our theorem shows that

(X,Y) = (=2)(=1) + (3)(=2) = —2— 6 = —8.

From this computation we can reverse the geometric procedure and find the angle 6 between
X and Y, for we know the formula

(X, Y)
coslt) = ————.
X101
In this example, (X,Y) = =8, [|[X| = v4+9 = 13 and |Y| = v1+4 = /5. Thus
0= Cosfl(\;—ﬁ%) which can be evaluated by consulting your favorite numerical tables.

It is equally simple to check if two vectors are orthogonal. Let X = (2,—3) and
Y =(6,4). Then (X, Y) = (2)(6)+ (—3)(4) = 0; consequently X and Y are orthogonal.
Another consequence is the law of cosines. Let X = (z1,22) and Y = (y1,92). Then
from the parallelogram construction, the length of the segment joining the tip of X to the
tip of Y has length [|[Y — X]||. But
V- X2 = (Y- X,V - X)
= X2+ Y] —2(x, Y)
= |IXI>+IY]P =2 x]| Y76
One more example. We shall find the distance of the point P = (—3,2) from the coset
A={X = (21,22) € E?: 21 — 225 = 2}. Pick some point in Xy in A4, say Xo = (3,3).
The distance d from P to A is then the length of the projection of the segment XgP
onto a line [ orthogonal to A. First of all, we can replace the segment XyP by a vector
from the origin 0 to the point @ = P — Xy = (-6, %) , for the length of the projection of
0Q onto a line I orthogonal to A is equal to the length of the projection of XoP onto
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I (see figure). Now we have the vector @ = (—6,3); all we need to compute the desired

projection is another vector N orthogonal to A, for then d = |(Y, N/||N||)|.

To find a vector N orthogonal to A, we realize that N will also be orthogonal to
the subspace 8§ parallel to the coset A so A = 8§ + Xy, where 8§ = { X = (x1,22) €
E2: 21 — 209 =0}. If N = (ny,n2) and X is any element of §, since N 1L §, we must
have 0 = (X, N) = z1ny + xony . However X € 8§ so x; —2x9 = 0. We want the equation
x1n1 + xong = 0 to hold for all points on =1 — 2x9 = 0, that is for all X € 8. This is only
possible if ny =1-¢ and ng = —2- ¢, where ¢ is any constant. Thus N = ¢(1,—-2) and
IN|| = |c| v/5. The distance d between the point P and the coset A is then

3 c
4= 0%, N/IVID) = [¢¢-6.3), s ) (36)
~|co S+ G| =
‘C|\/5 2 ‘C|\/5 \/5

This example contained a plethora of ideas. It would be wise to go through it again and list
the constructions and concepts used. The exercises will develop many of them in greater
generality.

Now you should try some problems on your own.

Exercises

(1) If X = (3,4) and Y = (5,—12) are two points in E?, find the angle between 0X
and OY , where 0 is the origin.

(2) If X =(3,-4) and Y = (5,12) are two vectors in E?, find vectors U; € span(Y)
and Us orthogonal to span(Y’) such that X =U; + U,.

(3) Show that the vector N = (a1, az2) is perpendicular to the straight line whose equation
is ajz1 + agre = ¢ (you will have to supply the natural definition of what it means
for a vector to be perpendicular to a straight line).

(4) (a) Find the distance of the point P = (2,—1) from the coset A = {X € E2: z; +
T = —2} .
(b) Find the distance between the two “parallel” cosets A defined above and B =
{X €E%: 21y + 29 = 1}. (Hint: Draw a figure and observe that P € B).

(5) (a) Prove that the distance d of the point P = (y1,y2) from the coset A ={X €
E%: ayjw1 + agwy = ¢} is given by

_ la1y1 + a2y — ¢
\/a% + a%

(b) Prove that the distance d between the two “parallel” cosets A = { X € E?: a121+]
asry =c1},and B ={X € E2: a;m + aswy = 3 } is given by

d

_ e — o
Vai+ a3

(Hint: If you use part (a) and are cunning, the derivation takes but one line).

d
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(6) (a) If it is known that (X, Y1) = (X, Y3), and that || X| # 0 for a fized X, can
you “cancel” X from both sides and conclude that Y; = Y57 Reason?

(b) If it is known that (X, Y) = 0 for every X, can you conclude that ¥ = 07
Reason?

(c) If it is known that (X, Y;) = (X, Y3) for every X, can you conclude that
Y7 = Y57 Reason?

(7) (a) Show that the vector

7 XY + [[Y]IX
X1+ 1]

bisects the angle between the vectors X and Y .

(b) Show that the vector || X||Y + [|[Y||X is perpendicular to the vector [[Y|X —
XY

(8) Express the angle between an edge and a diagonal of a rectangle in terms of the scalar
product.

(9) Let two of the sides of a parallelogram be given by the vectors X and Y. The
parallelogram theorem states that the sum of the squares of the sides is equal to the
sum of the squares of the diagonals, that is,

IX + Y+ [|X = Y|* = 2| X|* + 2/l |>

Prove this in two ways: i) using elementary geometry, and ii) using only the fact that
X and Y are elements of a linear space, and the properties of the scalar product
contained in Theorem 4 (using 4a to define || | ).

(10) Let X be any vector in E2, and let e be a unit vector. Define the vector U = ae,
where a = (X, e) is the length of the projection of X into the subspace spanned by
e,and V = ae, where « is any scalar. Prove that

IX = VI* > IX = Ul* = 1X]* = |U|I* = |1 X]|* - a®.

This shows that in the subspace spanned by e, the vector closest to X is the projec-
tion U of X into that subspace.

(11) If X is orthogonal to Y , prove the Pythagorean theorem || X +Y||? = || X||?> + ||V
using only ||V||?> = (V, V) and the properties of a scalar product in Theorem 4.

(12) Let X and Y be orthogonal elements of E?, with neither || X|| nor ||Y]| zero. Prove
that X and Y are linearly independent. Do not introduce a basis.

3.3 Abstract Scalar Product Spaces

We shall turn the tables around. Whereas in the last section we defined the scalar product
geometrically and deduced its properties, in this section we define a scalar product space as
a linear space upon which a scalar product is defined, and the scalar product is stipulated
to have the properties deduced earlier. After presenting our abstract definition, we shall
give examples—other than E? —of scalar product spaces.
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Definition. A linear space H is called a real scalar product space if to every pair of
elements X,Y € H is associated a real number (X, Y), the scalar product of X and Y,
which has the properties

1. (X, X) > 0 with equality if and only if X =0.

2. (X,Y)=(, X)

3. (X, Y)=a(X,Y), aeR

4. (X+Y,2)=(X, Z)+ (Y, Z)

You should observe that the scalar product in E? does have these properties (Theorem
4). Using E? as our model, it is natural to define || X| = +/(X, X) and suspect that || ||
is indeed a norm on the linear space H . This is true, but proving the triangle inequality
for this norm using only properties 1-4 will take some work. We shall do just that after
presenting
Examples

(1) Let X = (x1,...,2,) and Y = (y1,...,yn) be points in the linear space R?. We
define
(X,Y) =m0 + 2292 + - .. + T

Only easy algebra is needed to verify that the real number (X, Y') satisfies all of the
properties of a scalar product. It turns out (after we prove the triangle inequality)
that the natural norm || X| = /(X, X) is the Euclidean norm, so this is E2.

(2) This example is the first hint that our abstractions are fruitful. Let the functions
f(z) and g(x) be points in the linear function space Cfa,b] of real-valued functions
continuous for a < x < b. We define

b
g) = / f(2)g(x) dx

You might be surprised; in any event let us verify that the real number (f, g) asso-
ciated with the pair of functions f and g does satisfy the four properties of a scalar
product.

(i) f f?(x)dz. This is clearly non- negative and f = 0 implies that

(f f) = 0. All we must show is that if (f, f) = f f?(x)dz =0, then f=0.
By contradiction, assume f(x) # 0. Then there is some p01nt zo € [a,b] such
that f(z0) = ¢ # 0. Thus f2(z0) = ¢ > 0. Since f-—and hence f2—is
continuous, this means that f? is positive in some interval about zo (p. 29b,
Theorem I), so that f f?(z)dx > 0, the desired contradiction.

(ii) 7g:fafxg dx:fg )d$:<,f>

(iii) (af, g) :ffaf(a:) (x)dx —af f z)dzr = of, g), where o € R.
(f+g.h) = [X(fle)+ g(w))h(x) dx
(iv) = [P f(@)h(x) dx + [° g(z)h(z) dx
= (f, h) +{g, h).

There. We did it. After we prove the triangle inequality for an abstract scalar
product space, the natural candidate for a norm | f|| is a norm:

b
1l = / F2(x) da
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I like this space very much. You will be meeting it often, becoming much more
intimate with its finer features. We shall—somewhat improperly—refer to this
linear space with the given scalar product as Ls[a,b]. The name is improper
since Lo[a,b] is customarily used for our space but with more general functions
and an extended notion of integration.

(3) Let f(x) and g(z) be in C[0,00]. This time define

(f, 9) = /OOO f(x)g(x)e " dx.

Since e~? is continuous and positive for all z, we are assured that (f, f) > 0, with

equality if and only if f = 0. The other properties of an inner product follow from
simple manipulations. Do them.

Remark: Complex scalar product spaces are defined similarly. For them, (X, Y)
may be a complex number, and complex scalars are admitted. The only change in the
axioms is that property 2 is dropped in favor of

2. (Y, X) = (X,Y),

where the bar means take the complex conjugate of the complex number (X, Y).
Since we shall not develop the theory far enough, our attention henceforth will be
restricted to real scalar product spaces.

The first order of business is to prove that the natural candidate for a norm || X|| =
(X, X) is in fact a norm for the linear space V. Only properties 1-4 may be used.

(1) ||IX] > 0, with equality if and only if X = 0. This follows immediately from the
corresponding property of (X, X).

(2) llaX| = |a| [ X][. For [aX] = /(aX, aX) = /a*(X, X) = [a] /(X, X) =
la| (| X]].
The proof of the triangle inequality

3) IX+Y|| <[ X||+|Y|l involves more labor. We shall first need to prove the Cauchy-
Schwarz inequality (cf. Theorem 4,g).

Theorem 3.10 (Cauchy-Schwarz inequality).
(X, Y < [IXIYY-

PROOF: If either || X]|| or ||Y] is zero, this is immediate. Thus, assume that neither ||X||

nor ||Y is zero and define

X Y
U= >0 V=ilo,
11 Y]

so that both U and V' are unit vectors, ||[U|| =||V| =1. Then

0<|U£V|? = (UXV,U+V)
= (U,U)£U V)£ (V,U)+(V,V) .
= |UIP =2, V) + [VI?,
Since ||[U|| =1 and ||V = 1, this shows (U, V) < 1. Substituting for U and V', we

obtain the inequality sought:
(X, Y < [IXNIYY-
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Theorem 3.11 (Triangle inequality) || X + Y| < || X|| + ||Y] -

ProOF: This is identical to that given in section 1. |[|[X +Y|? = (X +VY, X +Y) =
X2 +2(X, Y) + ||[Y]|?. By Cauchy-Schwarz, (X, Y) < || X|| [|Y], so

X+ Y2 < IXI2 21X (Yl + 1Y = X+ Y2
Now take square root of both sides to find
X + Y| < [|X] + Y]]
Nice, eh? See how clean everything is. We have proved

Theorem 3.12 . If H is a scalar product space and we define || X|| = \/(X, X) in terms
of the scalar product, then || | is a norm and H is a normed linear space with that norm.
This special case where the norm is induced by a scalar product is called a pre-Hilbert space
(an honest Hilbert space has the additional property of being “complete”).

Let us state two easy algebraic consequences of our axioms for a scalar product. The
proofs are identical to those of Theorem 4 in the previous section.

Theorem 3.13

(X,aY)=a(X,Y), a€R (3-7)
Needless to say, we hope you are still thinking in the geometric terms presented earlier.
In particular, the next definition should be reasonable.

Definition Two vectors X,Y are said to be orthogonal if (X,Y)=0.
The Pythagorean theorem suggests

Theorem 3.14 . If X and Y are orthogonal, then
IX £ Y12 = [ X+ Y%,
and conversely.

PROOF: Both parts are an immediate consequence of the identity
IX£Y|? = (X +Y, X +7) = |IX|* £2(X, V) + |[Y]|".
Examples.

(1) Let X = (2,3,—1) and Y = (1,—1,—1) be points in E?, where we use the scalar
product of example 1 in this section. Then (X, Y) =2-1+3(-1)+ (-1)(=1) =0
so X and Y are orthogonal. Similarly X = (2,3,1,—1) and Y = (3,-3,3,0) in
E* are orthogonal. A useful example is supplied by the vectors e; = (1,0,0,...,0),
es = (0,1,0,0,...,0),...,e, = (0,0,...,0,1) in E™. These are orthonormal since
(eg, ey =1, but (e, e;) =0, k # 1, that is, (e, €;) = Ox; -
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(2) Consider the functions ®(x) = sinkzr in Lo[—m, 7|, where k = 1,2,3,.... Then,
since sinfsin ¥ = 1[cos(d — ¥) — cos(d + ¥)], we find that

(P, D) = / sin?kxdr =7
and for k # 1
D
(g, P;) :/ i_psinkx sinlx dr = 0.

as a computation reveals. Thus in Lo[—7, 7] the function sinkz is orthogonal to the
function sinlx when k # . The whole computation may be summarized by

(P, @) = (sinkx, sinlz) = woy.

It is only the factor @ which does not allow us to say that the ®; are orthonormal—
sin kx

but that is easily patched up. Let ex(x) = Ur Then

(e 6>_<sink::x sin lx
k’ l - ﬁ ) ﬁ

1
= —(sinkz, sinlx),

)

T
or
(ex €1) = On.
Therefore the functions ey(x) = % are orthonormal. Don’t attempt to imagine it.

Just keep on thinking of a big E? and all will be well.

So far we have discussed the notion of two vectors X and Y being orthogonal. This
can be restated as one vector X being orthogonal to the subspace A spanned by Y, for
all vectors in A are of the form aY where a is a scalar, and (X, aY)=0<= (X, Y) =0

since (X, aY) = a(X,Y). One can also introduce the concept of a vector X being
orthogonal to an arbitrary subspace A. Think of A as being a plane (through the origin
of course).

Definition The vector X is orthogonal to the subspace A if X is orthogonal to every
vector in the subspace A.

In practice, the usual way to check if X is orthogonal to the subspace A is as follows.
Pick some basis {Y7,Ys,...} for A. Then every Y € A is of the form

Y = ZakYk

(if the basis has an infinite number of elements—that is, if A is infinite dimensional—
one should worry about convergence; however we shall ignore that issue for now). By the
algebraic rules for the scalar product, we find that

(X, V)= (X, ) Vi) = ap(X, V3).

Thus, X is orthogonal to the subspace A if X is orthogonal to every element in some basis
for A (X, Y)=0.

For example, if A is the x; x5 plane in E?, and X is the vector (0,0,1), then
we can show that X = (0,0,1) is orthogonal to A by showing it is orthogonal to both
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the vector e; = (1,0,0) and to ey = (0,1,0), since e; and ey form a basis for A. The
computation (X, e;) = 0 and (X, es) = 0 is immediate. Because Y; = (1,2,0) and
Yo = (1,—1,0) also form a basis for A, we could prove that X is orthogonal to A by
showing that (X, Y1) =0 and (X, Y2) = 0—which is equally simple.

A less obvious example is supplied by the function ¥(z) = cosz which is orthogonal
to the subspace A spanned by ®;(x) = sinz, ®o(x) = sin2z,..., ,(x) = sinnz in
L,(—m,m). The proof is a consequence of the integration formula

(U, &) = / coszsinkxdr =0 for all k.

—Tr

Even more general than a vector being orthogonal to a subspace is the idea that two
subspaces A and B are orthogonal, by which we mean that every vector in A is orthogonal
to every vector in B. If A is a subspace of a scalar product space H , then it is natural
to define the orthogonal complement A+ of A as the set

At ={X e H: (X, Y)=0forall Y € A}

of vectors X orthogonal to A, that is, orthogonal to every vector Y € A. The set A+ is
a subspace since it is closed under vector addition and multiplication by scalars (Theorem
2, p. 142).

Without fear of evoking surprise, we define the angle 6 between two vectors X and
Y by the formula
(X,Y)

cosf) = ——————
X1 Y]

No matter what X and Y are, this defines a real angle since the right side of the equation
is a real number between —1 and +1 (by the Cauchy-Schwarz inequality). To be honest,
there is little use for the concept of angles other than right angles. In E3 the formula has
some use, but is totally unused for more general scalar product spaces.

If we are given a set of linearly independent vectors { X1, Xo,...} which span a linear
scalar product space H , how can we construct an orthonormal set {ej,es,...} which also
spans the space? The process is carried out inductively. Let e; = ”))g—i” . Now we want a
unit vector ey orthogonal to e;. A reasonable candidate is

ey = Xo — (Xo, er)eq,

which is Xy with the projection of Xy onto e; subtracted off (see fig.) This vector é is
orthogonal to e; since (€g, e1) = 0. We divide by its length to obtain the unit vector e,

_ Xo- (X2, e1)e1
[ X2 — (X2, er)er ||

€2

Next we take X9 and subtract off both its projection into the subspace spanned by e; and
€2

é3 = X3 — [(X3, e1)e1 + (X3, ea)ea].

This vector €3 is orthogonal to both e; and ez . Normalize it to get es = és/||és]| .
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More generally, say we have used the vectors X, Xa,..., X} to obtain the orthonormal
set e1, e2,...,ex. Then egy 1 is given by
k
Xps1 = 3 (Xnpp1, eer
=1
€k+1 = A
Xkt — D> (Xpp e
I=1

This procedure is called the Gram-Schmidt orthogonalization process. With it we can assert
that if some set of linearly independent vectors spans a linear space A, we might as well
suppose that those vectors constitute an orthonormal set, for if they don’t just use Gram-
Schmidt to construct a set that is orthonormal.

The next result is a useful observation.

Theorem 3.15 . A set { X1, Xo,..., X, } of orthogonal vectors, none of which is the zero
vector, is necessarily linearly independent.

PRrROOF: The hypothesis states that (X;, Xi) =0, j # k and that (X;, X;) # 0. Assume
there are scalars a1, as,...a, such that

0=a1 X1+ asXo+...4+a,X,.

We shall show that a1 = a2 = ... = a,, = 0. Take the scalar product of both sides with
the vector X7 . Then

<05 X1> - CL1<X1, X1> + CL2<X27 X1> + e + a/’n,<X’l’L7 X1>

so that
0= a1<X1, X1>

Since (X7, X;1) # 0, we conclude that a; = 0. Similarly, by taking the scalar product with
X5 we find that as = 0, and so on.
An easy consequence of this theorem is the fact that the functions f,(x) =sinnz, n =

1,2,...,N where x € [—7,x] are linearly independent, for they are orthogonal (cf. Exercise
5, p. 777).
Say we are given an orthonormal set of n vectors, {e;}, j7=1,...,n, (e ex) =

dji, and X an element of the linear space A spanned by the {e; }. Then

n
X = E xjej,
j=1

where the z; are uniquely determined just from the general theory of linear spaces (p. 160,
Theorem 10). In the special case of a scalar product space we can conclude even more.

Theorem 3.16 . Let {e;, j=1,...,n} be an orthonormal set of vectors which span A .

n
Then every vector X € A can be uniquely written as X = ijej , where x; is the length
j=1
of the projection of X into the subspace spanned by e;, that is, x; = (X, e;). The x; are
the Fourier coefficients of X with respect to the orthonormal basis {e;} .
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PRroOOF: This is identical to Theorem 6 of the last section. Take the inner product of both
n

sides of X = ijej with e . Then

n=1
(X, er) ijej, k)
n (3-9)
= Z%’@’jy ey = Y w0,
j=1 J=1
so that
<X, ek> = Tk-
Furthermore,
Theorem 3.17 . Let {e;}, j=1,...,n be an orthonormal set of vectors which span A .
n n
If X = Za:jej and Y = Zyjej are vectors in A, then
, o
(X,Y) = Ziﬁjyj =T1Y1 + T2y2 + -+ TnYn.
j=1
PRrROOF: Identical to Theorem 7 of the last section.
n n
Y) = <Z zjej, Zyk€k>
j=1 k=1
n n
= Z%‘ (e Zykek>
- - (3-10)

_ij Z k(€j, €x))

k=1
n
- Z Zj Z ykdjk
7j=1
so that
n
V)= ay;.
j=1

Remark: We shall see that these two theorems extend to the case n = co.
Ezamples.

), e2 = (0,1,0), and e3(0,0,1) clearly form an orthonormal
2,—1,4). We shall compute the z; in

3
X = E xjej.
Jj=1

(1) The vectors e; = (1,0,0),
basis for E3. Let X = (
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Since z; = (X, e;), wefind 21 = (X, e1) = ((2,-1,4),(1,0, 0)) = 2-1+(—1)-0+4-0 =
2, and similarly, o = —1, x3 =4 as expected. Thus

(2, —1,4) = 2e1 — ez + 4es.
In the same way, if Y = (7,1,—-3), then
Y =7Te1 4 eg — 3es.

Also,
(X, V) =2)(7)+(-DA) + (4)(-3) = 1.

The projection of X into the subspace spanned by Y is

Y 1
(X, Y/HWDM =55(11,=3)
(3-11)
7 1
= o€l + o2 — —e3.

59 59 59

Another orthonormal basis for E3 is &; = (%, %,0), €y = (—\%, %,0), and €3 =
(0,0,1), since (€j, €x) = d; . The expansion for X in this basis is

3
X = E Zj€j,
j=1

where
B= (X, 1) = (20— 1,4), (=, 0)) = (3-12)
Tl = ) € - 9 9 9 y T = - = -
' ! V2 V2 V2
fz = —\jg, and fg = 4. (3—13)
Thus
1 . 3 _ -
X = 7261 — 7262 + 4eg
Similarly,
8 _ 6 _
Y = 7261 — 7262 - 363
Therefore
(X, Y) = () 4 (2= @3y =1
TR V27 V2 o

Notice that the number (X, Y) is the same no matter which basis is used. This is
not a coincidence. Recall that the scalar product (X, Y) was defined independently
of any basis. Hence its value should not be dependent upon which basis we happen
to choose. If you think of (X, Y) geometrically in terms of the projection, it should
be clear that the number should not depend upon which particular basis is used to
describe the vectors.
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sinx
. v
ea(x) = % and let A be the set in Lo(—m,m) which they span. We would like to

(2) For our second example, we consider the set of orthonormal functions e;(x) =

expand some function
2
F@)+> fiej(x).
j=1

The only trouble is that Theorems 14 and 15 only allow us to expand functions f
which are in the subspace A, that is, are a linear combination of the basis elements e
and ey . Since we secretly know that f(z) = sinz cos z(= £ sin2z) is such a function,

let us find its expansion. By elementary integration,

fi=(f, e)= /_7T (Sinxcosx)sm\/g dz =0,

and i} .
fa={f, e2) = /W(sinxcosx)sir;;j do = \/27?
Therefore
f:0'61+ﬁ€2:ﬁ62
2 2
or

/T sin2x sin 2z

sinzcoszr = — =
2 ( VT ) 2
which we knew was the case from trigonometry.
If the orthonormal set {e; }, j =1,...,m spans a subspace A of a linear scalar product

space H , and if X € H, can any sense be made of the expansion

m
R
;E o
X = zje;’
=1

One way to seek an answer is to examine a special case. Again geometry will supply the key.
Let H =E? and let A be the subspace spanned by the orthonormal vectors e; = (1,0,0)
and ey = (0,1,0). Then if X € E?, how can we interpret

2
?
X = E Tje; = r1e1 + z9e9?
Jj=1

Plowing blindly ahead, we take the scalar product of both sides with e; and then with es .
This gives us z; = (X, e;). Thus the right side, z1e1 + z2e2, is the projection of X into
the subspace A spanned by {ej}. It is now clear how our original quandary is resolved.

Definition If the orthonormal set {e;}, j = 1,...,m spans a subspace A of a linear

m
scalar product space H , and if X € H , then the vector Z:cjej , where z; = (X e;), is
j=1
the projection of X into the subspace A.
Remark. 1t is customary to denote the projection of X into A by PsX . Think of Py
as an operator (function) which maps the vector X into its projection in A. With this
notation the above definition reads

m
PAX = Z Zjej,
j=1
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where x; = (X, e;) and the orthonormal set {e;} spans A.

Since the projection P4 X is defined in terms of a particular basis for A, we should
show that this geometrical object is independent of the basis you choose for A. But we
shall not take the time right now. In reality, Theorem 17 below leads us to make a better
definition of projection.

Theorem 3.18 . If the orthonormal set {e;}, j = 1,...,m spans a subspace A C H ,
and if X and Y arein H, then

a) (PaX, PaY)=>_ wjy;,
j=1
where z; = (X, ej) and y; = (Y, e;) . In particular

b) [[PaX]| =

Furthermore, X — Py X € AL, that is, for every Y € A
c) (X—PsX,Y)=0
Every X € H can be written as

d) X =PsX+ Py X, where PyuX =X — PyX isin AL,

m m
PROOF: Since both vectors P4 X = ijej and P4Y = Zyjej are in A itself, a) and
Jj=1 Jj=1
b) are immediate consequences of Theorem 15. Although the equation c) is geometrically
clear, we shall compute it too.
Since the e; span A, this is equivalent to showing it is orthogonal to all the e;. Now
(X—PaX, ej) = (X, ej)—(PaX, ej) = x;—x; = 0. Since trivially X = P4X+(X—-PsX),
the only content of part d) is that (X — P4X) € A+, which is just what part c) proved.

Corollary 3.19

a) X[ = [[PaX|* + || X — PaX]| } (Pythagorean Theorem,)

IX1? = [[PAX|* + | Pas X2
m

b) || X[ > ||PaX]|? = Zx? (Bessel’s Inequality)
j=1

PROOF: a) is a result of the fact that P, X € A is orthogonal to X — PyX € Al and
Theorem 12. The inequality b), Bessel’s inequality, is simply a weaker form of a)—since
|X—P4X] > 0. There is equality if and only if X € A, for only then does || X —PsX| =0.
Examples:
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(1) Let A be the subspace of E? spanned by e; = (1,0,0) and e; = (0,1,0). The
projection of X = (3,—1,7) into A is represented by

PyX = (X, e1)e1 + (X, ea)es =3e; —ea € A

Also
Py X =X —PyX =3e; —ex+Tes — (3e1 — e9) = Tez € AL,
Since é; = (%, %, 0) and ég = (—%, %,0) also form an orthonormal basis for A,
we can equally well write
PaX = (X, 1)1 + (X, 6a)r = oty — ¢
= (X, é1)é , €2)€g = —€1 — —=¢€3.
A 1)€1 2)€2 = pe1 o6

(2) Let A be the subspace of La[—m, 7] spanned by the orthonormal functions e;(z) =

S\i%”’, ea(x) = % . The projection of the function f(z) = x into A is represented
by

Paf = (f, er)er + (f, e2)ea.

Since an integration by parts shows that

™
. —xcoskr
/ xsinkz dr = 7‘7ﬂcoska:d:c

o k
x cos kx 2m 2r I odd 2m
- k |*7T k cos b { —2%, k even } (=1) k'’
we find —
ey =Gey= [ 2w =oyF
and T 9
(fre) = (@ e = [ e = VR
Thus . 19
sin x sin 2z
Pyx =2n— — \/m1——
AT = 2/T N VT e
or
Pjx = 2sinx = sin 2.
Also,

IPAX|]? = (f, e1)? + (f, e2)? = br.

More generally, we can let A be the subspace of Lo[—m,m] spanned by {ex}, k =
1,2,...,N, where ex(x) = % Then the projection of = onto A is given by

T "

N

Pir = Z(m, er)er(x).

k=1

Since

T sinkx 2/
— doe = (—1 k+1
@) = [ TR da = ()BT
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we have
al 2,/7 sin kx
P.x — -1 k+12V APt
v ;( e
N
-1 k+1 ~
:QZ(Izsink‘x (3-14)
k=1
in 2 in 3 in N
= 2(sinx — 51n2 a + 51113 T + (_1)N+1LDN :17)
Furthermore,
N N
Pl =3 o e = 30 4T - 4wz 5
k=1 k= 1
It is from this formula that we eventually intend to obtain the famous formula
— 1 11 _
SRR
k=1

We will observe that
2 2 4 271'3
12 =10 = [ e =2

—T
and prove
Jim [Pyl = Jim 2~ Pyl =0

Then from the Corollary to Theorem 16,
X|* = lim |P;z|?
IX] = tim || Py,
or ,
273 — 1 72
Ty e
3 ; K26 Z K2

Geometry leads us to the next theorem—and the proof too. Let X be a given vector
and PsX its projection into the subspace A. Since distance is measured by dropping a
perpendicular, we expect that P4 X is the vector in A which is closest to X , that is, most
closely approximates X .

Theorem 3.20 . Let X be a vector in a scalar product space H and A a subspace of
H . Then if V is any vector in A,

[ X — PAX[| < [|X = V].
PROOF: We shall prove the stronger statement (cf. fig. above)
|X — PaX[]* + |V — PaX|* = || X = V|]*.

Observe that (V — P4X) € A, since both terms are in A and A is a subspace. Moreover
X — P4X € A+ (Theorem 16¢). Therefore X — P4X is orthogonal to P4X —V , so the
identity is a consequence of Theorem 12.
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Remark. With this theorem in mind, we could define the projection P4X into a subspace
A as the element in A which is closest to X . This definition is independent of any basis,
whereas our original definition was not. One must, however, be somewhat careful when
defining the projection into an infinite dimensional subspace. Although it is clear that the
number || X — V| has a gl.b. as V wanders throughout A, it is not clear that it has an
actual min, that is, there really is a vector U € A such that || X — U|| takes on its g.l.b.
as a min. If there is such a U, we call it P4 X . Otherwise there is no projection. When
projecting into a finite dimensional space this difficulty does not arise (but we will stop
without further explanation of this detail).

Some discussion of these results is needed to place the material in its proper perspective.
If you are given an orthonormal set of vectors { e; } which span some subspace A of a scalar
product space H , then for any X in H you can find a representation for P4 X in terms of
that basis, P4X =) zj;e;. If the vector X happened to already lie in A, then PyX = X

so X = Y zje; and || X| = 1/Z:I:?. This last equation for the length of X is the

Pythagorean Theorem. If X did not lie entirely in A, but “stuck out” of it into the rest
of H, then P4X = ) xje; only represents a piece of X, its projection into A. Since
part of X has been omitted, we expect that | X| > ||[PaX]| = 1/Zacjz. This inequality
was the content of the Corollary to Theorem 16. Informally, if no vector X € H sticks
out of the linear space spanned by the {e; }, then the set {e; } is said to be complete (do
not confuse this with the complete of Chapter 0; they are entirely different concepts, an
unfortunate coincidence). More precisely,

Definition An orthonormal set is complete for the scalar product space H if that or-
thonormal set is not properly contained in a larger orthonormal set.

There are many ways to check if a given orthonormal set is complete for H . Geometry
suggests them all.

Theorem 3.21 . Let {e;} be an orthonormal set which spans the subspace A of the
scalar product space H . The following statements are equivalent

a) The set {e;} is complete for H .

c) A

(

(b) If (X, ej) =0 forall j, then X =0.

(

(d) If X € H, then X =) xje;, where zj; = (X, €j) .

(e) If X and Y € H, then (X,Y) = Z:cjyj, where x; = (X, ej) and y; = (Y, €;)
(f) If X € H, then (Pythagorean Theorem) || X|> = Zm?, where xj; = (X, €;)

PrOOF: We shall use the chain of reasoning a =b=rc... = f = a.

a=b.1If (X,e;) =0 but X #0, then X/||X] is a unit vector orthogonal to all the
e;j . This means that {ﬁ, €1,€e2,...+ is an orthonormal set which contains {ej,eq,...}
as a proper subset.

b= c. If thereisan X € H but X > A, then Py.X = X — P4X € At and is not
zero. Since all the e; € A, we have (P41 X, ej) =0 forall j but P, X # 0, contradicting
b). Thus H C A. Since A C H by hypothesis, this proves that H = A.
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¢ = d. Since every X € A has the form X = ) zje; (by Theorem 14) and since
H = A, the conclusion is immediate.

d = e = f. A restatement of Theorem 16 since for every X € H , we know that
Py X =PgX=X.

f = a. If {e;} is not complete, it is contained in a larger orthonormal set. Let e
be a vector in that larger set which is not one of the e;. Then by f), and the fact that

(e, e5) =0,
lell> =) (e, e;)* = 0.

Therefore e =0.
Remarks. 1. Because each of the six conditions a-f are equivalent, any one of them could
have been used as the definition of a complete orthonormal set.

2. If the orthonormal set {e;} has a (countably) infinite number of elements, the

theorem is still valid but some convergence questions for d-f arise because of the then
o

infinite series X = ijej . The appropriate sense of convergence is that the remainder
1

[e's) N
after N terms, ijej =X — Za:jej tends to zero in the norm of the scalar product
N+1 1

space, that is, if
N

li X — el =0.
i1 =3 Sae

We shall meet this in the next section for the space Ls|—m,7]. Condition f) gives us
no convergence problems since the series is an infinite series of positive terms which is
always bounded by || X||? (Bessel’s Inequality—Corollary b to Theorem 16), and so always
converges. This criterion just asks if the sum of the series actually equals || X||? (we know
it is no larger).

Examples

(1) The set of orthonormal vectors e; = (%,%,0) and ey = (%, —-L,0) are not

V2?27
complete for E? since any basis for E3 must have three elements because its dimension
is 3. This could also be seen geometrically from the fact that, for example X = (1,2, 3)
sticks out of the space spanned by e; and eg, or from the fact that es = (0,0,2)
is a non-zero vector orthogonal to both e; and es, or in many other ways. The
dimension argument is the easiest to apply if H is finite dimension, for then the
number of elements in a complete orthonormal set {er} must equal the dimension

of H.

(2) The set {é,} where é,(x) = % is an orthonormal set of functions in the scalar

product space Lo[—, 7], but it is not a complete orthonormal set for that space since
the function cosz is a non-zero function in Ls[—7, 7] which is orthogonal to all the

€n ,
T sin nx
e, = d - 0
(cosz, é) /7r cos NG x

Thus, although the set {é,} has an infinite number of elements, it is still not big
enough to span all of La[—7, 7] . The next section will be devoted to proving that the
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larger orthonormal set, eg, e, €1, €3, €2,..., where
1 cosnT _ (@) sin nz
——, p(r) = ———
N NG
is a complete orthonormal set for the scalar product space Lo[—m,7]. This is a

difficult theorem.

Specific applications of the ideas in this section are contained in the exercises. For
many of them you would be wise if you referred to their corresponding special cases which
appeared in Section 2.

Exercises

(1) Let X and Y be points in R™. Determine which of the following make R" into a
scalar product space, and why—or why not.

() (X, V) =3 conue.
k=1

(b) (X, Y) = (~DFa.

k=1

(d) (X,Y)= Zakl“kyk, where a; > 0 for all k.
k=1

(2) Let f and g be continuous real-valued functions in the interval [0,1], so f, g €
C[0,1]. Determine which of the following make C0,1] into a scalar product space,
and why—or why not.

/f 1+2d

g>:/0 f(x)g(x)sin 2wz dz .

1
mz/fmfwm

/ f x)dx , where p(x) is a fixed continuous function with the

property p(z
(e) (f,9)=f(0 )9(0)-

(3) This is the analogue of Ly for sequences. Let Iy be the set of all sequences X =

Zx? < o0o. Prove that Iy is a
j=1
normed linear space (cf. the example for [; in Section 1).

(z1,22,Ze,...) with the property that || X| =
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oo oo
(4) Use the Cauchy-Schwarz inequality to prove that if ZnQa% < 00, then Z lan| < o0
n=1 n=1
(Hint: |an| = 2 nay,|).

(5) Consider the following linearly independent vectors in E3:
X;=(1,0,-1), Xo=(0,3,1), X3=(2,—1,0).

(a) Use the Gram-Schmidt orthogonalization process to find an orthonormal set of
vectors, e,eo and eg such that e; is in the subspace spanned by X; .

3
(b) Write X = (1,2,3) as X = ijej, where the e; are those of part a). Also,
j=1
compute || X|| and [|[PX|.

(6) Consider the following linearly independent set of functions in Lg[—1, 1]
filz) =1, fo(z) =z, fa(z)=2a>

(a) Use the Gram-Schmidt orthogonalization process to find an orthonormal set of
functions ej(z),e2(x) and es(x) such that e; is in the subspace spanned by

fi.
(b) Find the projection of the function f(x) = (1+x)? into the subspace of La[—1,1]
spanned by ej(z),e2(x), and e3(z). Also, compute ||f|| and ||[Pf].

(7) Let P,(x) Lo d%(1 —2%)",n=0,1,2,.... These are the Legendre Polynomials.

= 2npl dzn

1
(a) Prove that (P,, Pp) = / P,(z)Py(xz)dr = 0, mn # m, that is, the P, are
~1
orthogonal in Lo[—1,1] by first proving that

1
/ P,(z)x™dx =0, m < n.
-1

(b) Show that ||P,||?> = 52~ . Thus the functions

2n+1 °
2 1
en(w) = | T Pa(a)

are an orthonormal set of functions for Ls[—1,1]. Compute eg(z),e1(z), and
ea(z) and compare with Exercise 6a.

(8) (a) Show that the vector N = (a1, az,as3) is orthogonal to the coset (a plane in E?)
A={X € B3 a1z1 + asxs +azxz =c}.
(b) Show that the vector N = (ay,...,ay,) is orthogonal to the coset (a hyperplane
in B") A={Xe€E": ayz1+...anxp=c}.
(c) Find the coset A C E3 which passes through the point Xy = (1,—1,2) and is
orthogonal to N = (1,3,2). In ordinary language, A is the plane containing
the point Xy which is orthogonal to N .
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(9)

(10)

(11)

(12)

(13)

(14)
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(d) Show that the coset A C E™ which passes through the point Xo = (Z1,...,%,)
and is orthogonal to N = (ay,...,a,) is

A={X eE": (X, N) = (Xo, N) }.
(a) Use Problem 8a to show that the distance d from the point P = (y1,%2,y3) € E?
to the coset a1z + asxs + asrs = ¢ in E? is
_ lays + asyr +asys — [ _ [(N, P) — ¢

Va2 + a3 + a3 a IV

(b) Show that the distance d from the point P = (y1,...,y,) € E™ to the coset
a1r1 + ... +apr, =c in E™ is

d

_ laryr + agy2 + - - + anyn — ¢ _ |(N, P) — |

d —
Va3 +ai+-+a2 IVl

(c) Show that the distance d between the “parallel” cosets ajzy + -+ + apzy, = 1
and a1x1 + -+ apxy, = ¢ in E" is

lci—cf  |a—o
Vai+-+adai N

(Hint: Pick a point P in one of the cosets and apply part b).

d:

Find the angle between the diagonal of a cube and one of its edges.

Let Y7 and Y5 be fixed vectors in a scalar product space H .
a). If (X,Y1)=0 forall X € H, prove that Y7 =0.
b). If (X, Y1) = (X, Ys) for all X € H, prove that ¥; =Y5.

Let Yp be a fixed vector in a scalar product space H. Let A={X € H: (Y, Yp) =
ORightarrow(X,Y) =0}. Prove that A isthespanof Yy: { X € ARightarrowX =
cYp} for some scalar ¢. Make sure to see the geometrical situation for the case
H = E?. [Hint: Let B be the set of all vectors orthogonal to Yy, so Y € B.
Since H is composed of two parts, Yy and B, every X € H can be written as
X = cYy + Z, where cYy is the projection of X into the subspace spanned by Yj
(so ¢ = (X, Yp)/||Yo|l?) and Z = (X — cYy) € B. Now show that X € A= Z =0).

(a) Let X =(1,3,—1) and Y =(2,1,1). Find a vector N which is orthogonal to
the subspace spanned by X and Y .

(b) Let X = (z1,22,23) and Y = (y1,¥2,y3). Find a vector N which is orthogonal
to the subspace spanned by X and Y. [Answer. N = c(z2ys — Y23, Y123 —
x1Y3, T1Y2 — Y1x2), where ¢ is any non-zero scalar].

Let A be the subspace of th[—ﬂ, 7| spanned by the orthonormal set {e,(z)}, n =
1,2,...,N, where e,(z) = %
(a) Find the projection of f(x) = 22, into A. (The answer should surprise you).
Compute || f]| and [[Paf]| too.



3.3. ABSTRACT SCALAR PRODUCT SPACES 131

(b) Find the projection of f(z)=1+sin®z into A. Compute |f| and ||Paf].

(¢) If f(z) is an even function, f(z) = f(—z), show that its projection into A is
zero. Now look at part (a) again.

(15) (a) If f e Cla,b], show that

b b
( / f(z)dz)? < (b a) / f2(x) da

[Hint: Write f(x) =1-f(z) and use the Cauchy-Schwarz inequality for Ls|a, b] ].
(b) If f € C'a,b], prove that

b
@) - f@f < (= - a) / f(@)? d, x € (a,b).

[Hint: Write f(z) = [7 f'(t)dt and apply part a)]
(c) If f € Cla,b] and f( ) =0, use part b to prove that

/; @) d

(16) (a) Let A= {h € C'a,b]: h(a) = h(b)} and let B = {h € C}a,b]: (1, h') =0},

where h' = %. Show that the subspaces A and B are identical h € A <—

heB.

(b) Let f(x) be any continuous function such that / f(x)h (x)dz = 0 for all

h(z) € Cta,b] with h(a) = h(b). Show that f = constant. [Hint: Use part (a)
and the result of Exercise 12].

b
(17) If f(z) € Cla,b] and satisfies the condition / f(x)h(z)dr =0 for all h(z) € C|a,b]
which satisfy the conditions ‘
b b b
/ h(z)dx =0, / zh(z)dx =0,..., / z"h(z)dx =0,
prove that f € P, , that is, f is of the form
f(@) = a0+ a1z + -+ apa”,

where the a; are constants. [Hint: Use Exercise 12].

(18) Determine which of the following orthonormal sets are complete for their respective

spaces.
(a) In ]E?,’ €1 = (0, 170)7 €2 = (%303 %)7 €3 = (—%,0, %)
(b) In ]E47 €1 = (1707070)) €x = (07 17070)7 €3 = (O>O7 %’ \%)

(c) In E* ey, eg,e3 as in (b), and eq = (0,0, %, %)
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(19) Let eg,ea, and e3 be an orthonormal basis for E*, and let A be the subspace
spanned by X; = 3e; — 4e3. Find an orthonormal basis for Al

(20) Let A be a subspace of a scalar product space H . If X € H , prove that P4(PsX) =
P4 X and interpret this geometrically. This result can be written as Pf‘ =Py.

(21) Let A be any operator (not necessarily linear) on a scalar product space. Prove the
polarization identity

2AX, AY) = ||[AX + AY|]? — ||AX|? — ||AY| 2.

3.4 Fourier Series.

Throughout this section we shall only use the scalar product of Ls[a,b],

b
(f. g) = / f(2)g(z) d.

We begin with the observation that in the interval [—m, 7]

™
(sinnz, sinmzx) = / sin nx sinmaz de = wpm, (3-15)
—T
(sinnx, cosmx) = / sin nx cosmaz dx = 0, (3-16)
and
™
(cosnz, cosmz) = / cos nx cos mx dxr = Tpm, (3-17)
-7
where n, m =0,1,2,3,.... Thus the functions
1 cos nx sinnx

form an orthonormal set:
<€n7 ém) = 5nm<€n’ ém> = 07 <én7 ém> = 5nm'

Thus, if f € L,[—7, x|, we can find the projection Pyf of f into the subspace spanned
by 80,61,5,...,6]\[,6]\[.

N
(Pxnf) = aoeo + Y anen + bnén, (3-18)
n=1
where
ar = (f, ex) and by = (f, &) (3-19)

More explicitly,

sinnx

1 N cosSnx
(Pnf)(z) = w 5=+ ; an= bn N (3-20)
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where . )
ag = x) - ——dx,
0 . f( ) m
and - - )
CcoS Nx sin nx

A natural question arises: as N — oo, does the series converge: Pyf — f, in the sense
that ||f — Py f|| — 07 In other words, is the set {e;(z),€é;(z)}, j=0,1,2,... a complete
orthonormal set of functions for Lo[—m, 7] 7 The answer is yes, as we shall prove. Thus for
any f € Lo|—m, 7],

oo .
+Zanc08n:ﬂ+bn81il/g$’ (3-22)
where the Fourier coefficients, ay,b, are determined by the formulas (2). The expansion
(3) is called the Fourier series for f.

Historically, Fourier series did not arise from the geometrical considerations we have
developed. Mathematical physics—in particular the vibrations of strings and the flow of
heat in a bar—take the credit for these ideas. Only in recent years has the geometrical
viewpoint been investigated. Later on we shall discuss some of the fascinating problems in
mathematical physics to which Fourier series can be applied.

Beware. The equality which appears in (3) is equality in the Lo[—m, 7] norm, viz.

|f—Pnfll —\// — (Pyf)(x)]?dx — 0

This is quite different than the convergence of infinite series to which you’re accustomed,
which is the uniform norm

If = P flloe = _max [f(z) = (Pxf)(x)|.

In Section 1 (p. 176) you saw one instance of where a sequence of functions converged in
some norm (the L; norm there) but did not converge in the uniform norm. Such is also
the case here. In fact, contrasting the situation in the Ly norm, there do exist continuous
functions f whose Fourier series (3) does not converge to f in the uniform norm. However
if the function f has one derivative, then its Fourier series does converge to f in the
uniform norm.

In addition, there are some discontinuous functions whose Fourier series converge. These
ideas will become clearer later on.

You should be warned that our definition (1), (3) of a Fourier series is not the standard

cosnzr sin nx

one. Most books do not work with the orthonormal set eg = \/%, en = U5, En =

but rather use just an orthogonal set which is not normalized 6y = %, 0, = cosnzx, 5n =

sinnx . For these people,

A o0
f(z) = = +ZA cosnz + By, sinnz,
n=1
where -
= [ 1@ e B~ [ 0™ e,



134

CHAPTER 3. LINEAR SPACES: NORMS AND INNER PRODUCTS

n = 0,1,2.... As you can see, these differ from our formulas only by factors of /.
Needless to say, the resulting Fourier series for a given function f does not depend which
intermediate formulas you use. We prefer the less standard ones because they are more
intimately tied to geometry (so there is less to remember).

Before discussing the difficult issues of convergence in detail, we will find the Fourier
series associated with some specific functions.

Ezamples.

(1)

Find the Fourier series associated with the functions f(z) =2, —7 <z < 7. We
actually found this in the previous section. A computation (involving integration by
parts) shows that

S o

™
=l = [ e 0 nm1a

3 2(—1)n+1
BT Gy — (=1) \/7?, n=12...
o VT n

Thus, upon substituting into (3) we find that

bn:<f7 én>:

o . (o9}
2(-1)" _sinnz (—p)ntt
T = 521 - N NG =2 g Tsmnm

n n=1

or
sin2x sin3x sindz

— 9fsin z — _
z [sin z 5 + 3 1 + -]

Again we remind you that the equality here is in the sense of convergence in Lo . For
this particular function, there is also equality in the usual sense of convergence for
infinite series for all « € (—m, 7). Direct substitution reveals that it does not converge
in the usual sense at © = 7. These remarks are based upon convergence theorems
we have yet to prove. At x = 7, this yields

Since the formulas (2)’ make sense even if the function f(z) has a finite number of
discontinuities, we are tempted to find the Fourier series for discontinuous functions
(in contrast, recall that the coefficients of an infinite power series are only defined if
the function had an infinite number of derivatives). We shall find the Fourier series
associated with the discontinuous function

0, —7<z<L0

f($>:{ m, O<z<m
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The computations are particularly simple.

0 ™ 2

1 1 T
ao = (f, eg) = 0-——dz+ c——dx =— (323
0 <f 0) . ﬁ 0 ™ m \/ﬂ ( )
0 T
an = (f, en>:/ O‘Co\s/;xdx—i—/o W-C(ii;xdxzo, n >0, (3-24)
0 . - .
bn = (f, n) =/ 0. 22 d:v—l—/o ™ SH\I/;x d (3-25)

2Vm , modd

0 , neven

(3-26)

Therefore the Fourier series associated with this function is

f(f’?)zﬁ r—i‘?\f(

sinx sm 33; sin bz n )
f 3\/7 f )

or . )
sin3z  sinbx

E _|_)

f(z) = g + 2(sinz +

As usual, the equality is meant in the sense of convergence in the Ly norm. The series
also converges to the function f in the uniform norm in the whole interval except for a
neighborhood of = 0. At 0 it hasn’t got a chance because of the discontinuity of f
there. A glance at the series reveals that at x = 0, the right side is 7/2—the arithmetic
mean between the values of f just to the left and right of 0. This is the usual case at a
discontinuity: a Fourier series converges to the average of the function values to the right
and left of the point where f is discontinuous. We still offer no proof for these statements.

Observe that the Fourier series (3) for any function f(z) depends only upon the values
of z in the interval —7m < x < w. However the series itself is periodic with period 2.
If the function f(z), which we considered only for = € [—m, 7] is defined for all other x
by the formula f(x + 27) = f(x) (making f periodic too), then both sides of the Fourier
series (3) are periodic with period 27 . Therefore whatever they do in the interval [—m, 7]
is repeated every 2.

For example, the function f(x) = z, x € [—m, 7] when continued outside the interval
[, 7] as a function periodic with period 27 becomes

| A FIGURE GOES HERE |

Since the Fourier series for this particular function converges uniformly for all x € (—7, 7),
it also converges uniformly to the periodically continued function for all =z € (km, km +
2r), k = 1,£1,4£2,... . This also makes it clear why the Fourier series for f(z) = =
converges to zero at & = £, for the series is just converging to the arithmetic mean of its
neighboring values at the discontinuity.

It is pleasant to look at a picture. Let us see how the first four terms of its Fourier
series approximates the function x

sin 2x n sin3x sindx n )
2 3 4

xr = 2(sinx —

| A FIGURE GOES HERE |
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Notice that as more terms are used, the projection Pyz Pyz = 2(sinz — % 4+ 4+
(—1)N+1 % ) more and more closely approximate x. This reflects the convergence of the
Fourier series, Pyf — f.

One popular interpretation of a Fourier series is as a sum of “waves” which approximate
a given function. Thus the function x is the sum of 2 times the wave sinx plus (—1) times
the wave sin2z and so on. In other words, the Fourier series for the function f(x) = x
represents that function as the superposition of sine waves. The term 2sinzx is spoken of
as the first harmonic, the term — sin2x as the second harmonic, the term %sin 3z as the
third harmonic, etc.

Although it is difficult to believe, the ear hears by taking the sound wave f(x) which
impinges on the ear drum and splitting it up into its Fourier components (3). It then
analyzes each component aye,, + b, €, —only considering the coefficients a,, and b, . These
Fourier coefficients measure the intensity of the nth harmonic. Particular sounds are then
heard in terms of the intensity of their various harmonics. We recognize familiar sounds by
recognizing that the sound waves have similar Fourier coefficients. Amazing.

It is time to consider the convergence of Fourier series. The question is: does the partial
Fourier series

N
Py f = ageo + Z anéen + bpén
n=0

converge to the function f as N — oo. Since there are several norms, in particular the Lo
norm || || and the uniform norm || |/, we must investigate convergence in each norm.
Even though our proofs are reasonably slick, they are neither short nor particularly simple.
A great deal of analytical technique will be needed. The proofs to be presented have been
chosen because each of the devices invoked are important devices in their own right.

We begin with some useful facts which have nothing especially to do with Fourier series.

Theorem 3.22 (Weierstrass Approxzimation Theorem). If f(x) is continuous in the inter-
val [—m,w] and f(—m) = f(n), then given any € > 0 there is a trigonometric polynomial

N
Tn(z) = aog+ Z Qv COS NT + By sinnx

n=1
N (3—27)
= Gopeg + Z Gnen + Bnén,

n=1

(where o = &oV27, ay = Gp/T, Bn = Bnﬁ), such that

[f = TNl = max |[f(z) —Tn(2)| <e

—n<x<m

Note that the numbers «a,, and 3, are not necessarily the Fourier coefficients of f. The
proof, which is placed as an appendix at the end of this section, will indicate how they can
be found.

The following theorem states that convergence in the uniform norm implies convergence
in the Ly norm.

Theorem 3.23 . If 0(x) is any bounded integrable function, then (if b > a )

10]] < Vb —a|f]|o-
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PROOF: Since |0 = ma)lcj} |0(x)| we find immediately that
x

)

b b b
/ 6(z)? dr < / 16112, dz = ||6]2, / dz = (b— a)[6]1%

from which the conclusion is obvious. On geometrical grounds the theorem is even easier,
since ||0]|so is the greatest height of the curve 0(x).

Although convergence in the Ly norm does not imply convergence in the uniform norm
(the example in Section 1 comparing L; convergence and uniform convergence also works
for Lo ), a useful weaker statement is true.

Theorem 3.24 . (cf. Ex. 15 Section 3). If 6 € Cl[a,b] and 0(x¢) = 0, where zo € [a,b],
then for every x € [a, D]

b
0(2)] < Vb—a / 0 dt = vo—al|d|
Since the right side is independent of x , this implies that
10]loc = mazpefay 10(x)] < Vb —allf'|| = Vb —al| DY

PRrooF: By the fundamental theorem of calculus,

0(z) = 0(x) — O(z0) = / ) dt.

Thus the Cauchy-Schwarz inequality yields

0(z)|* = (/:1.9’@) dt>2 < /; 12 dt x@’(t)th

0 0 zo

= (z — xp) ’ 6'(t)* dt (3-28)

<(b—a) /b o (1)? dt.

Therefore
0(z)* = (b—a)||6/]|*.

With these preliminaries behind us we turn to the convergence of Fourier series. First
up is convergence in the Lo norm.

Theorem 3.25 . Assume f is continuous in the interval [—m, 7| and f(—m) = f(n).
Denote the sum of the first N terms of its Fourier series by Pnf. Then

Jim [[f ~ Pf] = lim_ \/ / :[f(x) — (Pyf)(@)Pde =0
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PROOF: Given any € > 0, let Ty (x) be the trigonometric polynomial given by Weierstrass
Approximation Theorem. The trick is to apply Theorem 17. Using the N of Ty, we know

that
N

Py f = apey + Z anen + bpén

n=1
and
N
TN = &060 + Zdnen + ﬁnén
n=1
Let A be the subspace of H = Lo[—m, 7| spanned by eg,e1,€1,...en,éx Then both Py f

and Ty arein A. Thus by Theorem 17 of the last section (where slightly different notation
was used),

If = Pnfll <IIf =Tl

and by Theorem 20
<Vb—allf =Tyl < Vb—ac.

Thus
Jim [[f = Pxfll =0,

proving the theorem.

Corollary 3.26 (Parseval’s Theorem). If f(x) is continuous in the interval [—m,n| and
f(=m) = f(m), then
712 = Jim |1Pa P,
— 0

that is,
oo
f2 =aj + Z (an +b2),
where the Fourier coefficients a; and b; are determined by equations (2) or (2)’.
PrOOF: The Corollary to Theorem 16 states that

IFIP* = 11PnFI1* + 1Lf = P I

If we now let N — oo, the second term on the right vanishes by the theorem just proved.
Remark: The theorem and corollary state that the orthonormal set of functions ey =
\/%, en(x) = Ccisfm" , and é,(x) = % is a complete orthonormal set for the scalar prod-
uct space Lg|—m,7|. The formula contained in the corollary is a generalization of the
Pythagorean Theorem to Lo|[—m, 7).

The proof of convergence in the uniform norm if the function has one continuous deriva-

tive is only slightly more difficult. We shall need a preliminary

Lemma 3.27 . Assume f € C'|—m,n]. Estend it as a periodic function with period 27
by f(x +2m) = f(z). Let (Pnf) be the sum of the first N teTms of its Fourier series.
Then the sum of the first N terms in the Fourier series for Df = < is Py(Df), that is

d:):
Pn(Df)=D(Pyf).

This in not necessarily true for other bases in Lo|—m, 7] .
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Proor: We know that

sinnx

N
(PNf)(x) = ao\/% +nz:1anco\s/;lx + b, N .

Since we can differentiate a finite sum term by term, we find that

nnx cos nNx
NOp

Ve R

al s
D(Pyf)(z) = Z —nan

n=1

where the a,, and b, are found by using formulas (2)’. If

0S NT sin nx

N
1 c
PN(Df):AOE‘f‘E Ap N + B, Jr
n=1

where the A4,, and B, are also found by using (2)’, we must show that
Ay=0, A, =nb,, and B, = —na,

But

g /_71’ (Df(x))\/lz—ﬂ do — \/%[f(w) — f(=m)] =0 since f is periodic.

Integrating by parts, we further find

g cosnNx & sin nx

An:/ (Df(x)) NG de =n f(z) NG dx = nb,

—T

and

B, = /7r (Df(:n))sn\l/;x de = —n i f(x) co\s/;a: dx = —nay,.

Our result is now only a few steps away.

Theorem 3.28 . If f € C'[—n,n] and if both f and f' are periodic with period 2,
then the Fourier series Pnf converges to f in the uniform norm

Jim ] = P/l =0.

PROOF: The key observation is that f’ is a continuous function, so that Theorem 22 can
be applied to its Fourier series. This shows that

Jim [[Df = Py(D)] =0.
By the above lemma,
D(f = Puf)=Df —=D(Pxf)=Df - Pn(Df).

Thus
Jim ID(f = Py f)] =0, (3-29)
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We would like to apply Theorem 21 to the function 8y = f — Py f . In order to do so, we
must only verify that 6y vanishes somewhere in [—7,7|. But the area under Oy = f— Py f
is .

/ On(x)dr = V2r (0N, eg) =0
—T
since f — Py f is orthogonal to the space spanned by eg,eq,€1,...,en,én (Theorem 16¢).
Because fy(z) is a continuous function (the difference of the C') function f and the
infinitely differentiable trigonometric polynomial Py f ), the area under it can be zero only
if O vanishes somewhere. Thus Theorem 21 is applicable and yields the inequality

If = Pnflloo < Vb —a|D(f = Pxnf)|-

We now pass to the limit N — oo and use equation (4) to complete the proof of the
theorem:

Jim If = Puflle < Jim VE=alD(f — Pxf)] =0.

Remarks. The hypothesis that f € C![—m, 7] and is periodic with period 27 has been
proved a sufficient condition for the Fourier series to converge to the function in the uniform
norm. Much weaker hypotheses also suffice to prove the same result—but mere continuity
is not enough. Convergence of Fourier series or generalizations thereof is a vast and deep
subject, one still the object of intense study.

On the basis of the theorems we have proved, many other problems are reasonably
accessible—like the convergence of the Fourier series for a function which is nice except for
a finite number of jump discontinuities. But there is not time for this pleasant excursion.

| A FIGURE GOES HERE |

3.5 Appendix. The Weierstrass Approximation Theorem

The proof—which is difficult—will be given as a series of lemmas.

Lemma 3.29 . If f(x) is continuous and periodic with period 2w, then for any a € R,
the following equality holds

a+2m 2m
/ f(z)de = f(z)dz.

0

PRroor: This is clear from a graph of f, since the area under one period of f does not
depend upon where you begin measuring. We also offer a computational proof. Write

/aﬁ%f(a:) dx = /aof(a:) dx + 0% f(z)dz + /:Hﬂ f(z)dz.

™

Let x = t+2m in the last integral and use the fact that f(¢+427) = f(t). The last integral

is then 0
- / £ty dt,

which cancels the unwanted term in the last equation and proves the lemma.
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/2 1 1 2.4-6---(2n
Lemma 3.30 . /o cos?"t dt = % where C":vwl-3~5~--(2il _)1) .

PROOF: A computation. Integrate by parts to show that
w/2
IQn = / COSzn tdt = (2n — 1)(Izn_2 — Ign).
0

Thus I, = %Ign_g . Now induction can be used to do the rest, since by observation
IO = 7'['/2 .
Lemma 3.31 . Assume f(x) is continuous and periodic with period 2w . Let

t—«x

2

) dt (3-30)

Ty = 2 [ r)eo?™(

Then given any € > 0, there is an N such that

1f=Tnlloo = _max |f(z) — Tn(z)] < e

Proor: How did we guess the formula (4)? We observed that cos*¥ z is one at = = 0,

and strictly less than one for all other x € [—m,n]. Thus, for large N, cos?" z is one at
x = 0, and decreases sharply thereafter so cos®™( t_Tx) has the same property at t —t =0,
where x = t. Then essentially the only values of f(t) which will count are those about
t =z, so what comes out will be f(x). Let us proceed with the details.

Take s = “Tx Then

w/2

Tn(z) = CN/ f(z +2s) cos® s ds.
—7/2

™

Split the integral into two pieces, from —% to 0 and from 0 to 7, and then replace s by

—s in the first one. This gives

w/2
Tn(x) = CN/O [f(x) + 25) + f(z — 25)] cos*" s ds.

From Lemma 2 we know that

7/
flx) = CN/O 22f(a:) cos?N sds,

since f(z) is a constant in the integration with respect to s. Therefore

w/2
Tn(z) — f(x) = CN/O [f(z +25) — 2f(z) + f(z — 25)] cos® s ds.

Now given any € > 0, from the continuity of f we can pick a § > 0 independent of x
such that ¢
|f(z1) — f(z2)| < 3 when |z1 — x2| < 4.

This e will be the € of our conclusion. Break the integral into two parts, one from 0 to ¢
and the other from 0 to 7/2, where § is the § we just found. Then in the [0,d] interval,

[f (@ +2s) = 2f(x) + fz = 25)| < [f(@ +25) — f2)| +[f(2) = fz = 29)[ <¢,
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while in the [d, 5] interval,
(0 +28) = 2£(2) + flw — 26)] < |f(w -+ 25)| + 2| ()] + | f(w — 25)] < AM,

where M = max |f(z)|. Hence
z€[—m,m]

1) w/2
|f(z) — Tn(x)] < CN[e/ cos?N s ds —|—4M/ cos? s ds].
0 0

Now we observe that

0 /2 1
/ cos?N sds < / cos?N sds = —,
0 0 2CN

and that, since coss decreases as s goes to m/2,

™ N w/2 N T N
/ cos?N sds < / cos?N §ds < CRA
6 1)

where v = cos?d < 1. Thus

€
|f(z) — Tn(x)] < 3 + 27TMCN'yN.

Now mey = (% . % 3%:?) 2N < 2N, so that 2rMenyYN < AMN~YN . Because v < 1,
we know that ]\}gnoo N~YN = 0. Thus, pick N so large that Ny < sa7 » Where this is the

same € as before. Consequently, for this N,

[f(z) = Tn(2)| <e.

Since € is independent of x,

[f(2) = Tn(2)[| = max [f(z) —Tn(z)| <e

x€[—m,m]

too. A difficult lemma is thereby proved.
The whole proof is completed in the following simple

Lemma 3.32 . The function Tn(x) defined by (3)

t—«x

dt
5 )

ey [T
Tn(z) = — | f(t)cos™™(
—Tr
18 a trigonometric polynomial.

PROOF: This can be horribly messy unless one is shrewd. We shall use the formula e =
cosf + isinf and the binomial theorem (top p. 108). First notice that

0 —ig 2N ON
o2V g — e’ +e N1 S N)! ko ~i2N—k)6
2 22N 24 (2N — k)H '
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Let dp = (2N)!/22N (2N — k)'k! Then

2N
cos2N g = Z dke—i(QN—%)O
k=0
2N
= di[cos(2N — 2k)6 — isin(2N — 2Kk)6].
k=0

(3-31)

Since cos?MN @ is real, the sum of the imaginary terms on the right must be zero. Thus,
replacing 26 by t — x, we find that

2N

cos2N(t _) To= de cos(N — k)(t — x)
o (3-32)
= Z dg[cos(N — k)t cos(N — k)x + sin(N — k)tsin(N — k)x].
k=0

Split the sum into two parts, one from 0 to N, the other from N + 1 to 2N, and let
n =N — k in the first, n =k — N in the second. This gives

N
) = Z dn_p[cosnt cosnx + sinnt sin n|

n=0
. (3-33)

+ Z dNn[cos nt cos nx + sin nt sin nx),

t—x
2N(
2

COS

n=1

SO
N

=dy + Z(dNJF” + dn_n)[cosnt cosnx + sinnt sinnz),

n=1

which is much more simple than one might have anticipated. Substituting this into (4)
and realizing that the ¢ integrations just yield constants, we find that T (z) is indeed a
trigonometric polynomial. Coupled with Lemma 3, the proof of Weierstrass’ Approximation
Theorem is completely proved.

Exercises

(1) Find the Fourier series with period 27 for the given functions.

—~
£
~

() = 0, 7<z<0
12, O<z<T

(2) = -2, —m<x<0
12, 0<Lz<m

f

f(z)=sinl7x +cos2s, —nm<z<m
(d) flz)=sin*z, -7 <z <m

f

(r)=2% —n<zx<n
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T+, —nr<x<0 >
f) f(z)= { Cptr O<z<nm (Also, compute ||f||*> and a3 + Z(ai +b2)

n=1
for (a)-(f)).

(2) (a) Apply Parseval’s Theorem (Corollary to Theorem 22) to the function f(z) ==z
and its Fourier series to deduce that

PR S S
6 22 3 42

(cf. the example before Theorem 17 of Section 3).
(b) Do the same for the function f(z) = 22 (Ex. 1, e above) to evaluate

11 1
ltortot

+ ... =7

(3) A function f(z) is even if f(—z) = f(z), odd if f(—z) = —f(z). Thus 2 + 22 is
an even function, x3 —sinz is an odd function, while 1+ z is neither even nor odd.
Let a, and b, be the Fourier coefficients of the piecewise continuous function f(x).
Prove the following statements.

(a) If f is an odd function,

an =0, b,= 2/ f(m)smnx dx
0
(b) If f is an even function

& CcoSNT
an:2/ flz)——=—dz, b,=0
0 VT

(c) A function f defined in [0,7] may be extended to [—m, 7] as either an even or
odd function by the formulas

even extension: f(—z)= f(x), x>0,

or
odd extension: f(—x)=—f(x), xz>0.

The even extension of f(z) =z, x € [0,7] is f(z) = |z|, x € [-m, 7|, while its

odd extension is f(z) = x, x € [-m,7]. The odd extension of f(z) = 22, = €

. 22, x € 0,7 .
[0,7] is f(x) = { 2% gel-mo] Extend the function f(z) =1, = € [0,7]
to the interval [—m, 7] as an odd function and sketch its graph. Find its Fourier
series using part (a).

(4) (a) Let f(zx) bea given function. Find a solution of the O.D. E. v’ +\2u = f , where
A is areal number and u(x) satisfies the boundary condition u(—m) = u(w) =0,
by the following procedure: Expand f in its Fourier series and assume u has a
Fourier series whose coefficients are to be found. Find a formula for the Fourier
coefficients of u in terms of those for f in the case where A is not an integer.
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(b) If A =n is an integer, show that there is a solution if and only if 0= (f, €,) =
sinnx

(5) (a) State Parseval’s Theorem for the special cases i) f is a continuous even function
in [—m, 7], and ii) f is a continuous odd function in [—m,7].

(b) If f is a continuous even function in [—m, 7] and
™
/ f(z)cos neder =0, n=0,1,2,3,...,
0

show that f=0 in [—m, 7.

(c) State and prove a theorem similar to (b) in the case of a continuous odd function.

(6) In this exercise you show how a function f € La[—A, A] can be expanded in a modified
Fourier series (so far we know only Lo[—m,n]). Let y = ¥ —this maps the interval
[—A, A] onto [—m, 7] —and define g(y) by

4y

s

fla)=f(—=) = 9(y) = 9().

Since g(y) € Lo[—m, 7], it can be expanded in a Fourier series
osny sin ny

1 > C
=ag——=+ Y an + by ,
9(v) ao\/ﬁ ¢ VT VT

n=1

where the a,, and b, are given by the usual formulas (2)’.
(a) Prove that f(x) € La[—A, A] has the modified Fourier series

1 > nx b, . nmw
Tr)=ay—F— + COS — & + —=SIn —x,
o) =ao o+ Seos ot i

where

1 A
aozm/Af(x)dx

1 4 nmwT 1 4 nmwT
ap = —— x)cos —dx, b,=— ) sin —— dx.
JA / A flw)eos = VA /A Jlw)sin =y
(b) Find the modified Fourier series for f(z) = |z|, in the interval [—1,1].

The following exercises all concern the Weierstrass Approximation Theorem.

(7) Prove the following version of the Weierstrass Approximation Theorem. Let f €
Cla,b]. Then given any € > 0, there is a polynomial @Q(x) such that

1 = Qlloo = max |f(z) — Q(z)| <e.
z€la,b]

(Hint: Let y = —7r+2%7r. This maps [a,b] into [—m, 7| . Define g(y), y € [—m, 7]

by
(b—a) (x —a)

5 W+m) =g(y) =g(—m+25 —=m).

f(x) = fla+
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Use the version of the theorem proved to approximate ¢(y), y € [—m, 7] by a trigono-
metric polynomial Tn(y) to within €/2. Then approximate sinny and cosny to
within ce (you pick ¢) by a finite piece of their Taylor series—which are polynomials.
Put both parts together to obtain the complete proof for g(y). The transition back
to f(x) is trivial.]

(8) (Riemann-Lebesgue Lemma). Let f € Cla,b]. Prove that

b
lim / f(z)sin \x dz = 0.

A—00

[Hint: Integrate by parts to prove it first for all f € C'[a,b]. For arbitrary f,
approximate f by a polynomial—Ex. 7 above—to within ¢/2 and realize that every
polynomial is in C[a, ] ].

(9) If f € CJ0,1], prove that

1
lim n/o f(x)z"dz = f(1).

[Hint: Use the hint in Ex. §].

(10) If f € Cla,b], and if

b
/ f(z)z"dx =0, n=0,1,2,3,...,
a

b
show that f = 0. [Hint: This implies that /f(x)Q(a:) dr = 0, where @ is
a ~

any polynomial. f can be approximated by some polynomial (). Now show that

b
/ fAx)dr =0
3.6 The Vector Product in r?

As you grasped many years ago, the world we live in has three space dimensions. For
this reason the material in this section is important in many applications. What we intend
to do is define a way to multiply two vectors X and Y in R?. Whereas the scalar product
(X,Y) is a scalar, this product X x Y, the vector product, or cross product as it is often
called, is a wector.

For several reasons [i) we shall not cover this in class, and ii) I can probably not do as
good a job as appears in many books| we shall let you read about this topic elsewhere. But
make sure to read about it even though you’ll never be examined on it.



Chapter 4

Linear Operators: (Generalities.
ViV, Vi, — V1

4.1 Introduction. Algebra of Operators

Let V by a linear space. So far we have considered the algebraic structure of such a
space; however most significant reason for studying linear spaces is so that one can study
operators defined on them. Operator is another, more organic, name for function. Thus an
operator

T: A— B

T maps elements in its domain A into elements of B, where B contains the range of T'.
If X € A,then T(X)=Y € B. Think of feeding X into the operator T', and Y being

| A FIGURE GOES HERE |

what T sends out in return. It is useful to think of T as some type of machine or factory,
the input (raw material) is X , and the output is Y. Some examples should illustrate the
situation and its potential power.

EXAMPLES:

(1) Let V=R%. If X = (1,22) € R?, and Y = (y1,¥2,3) , we define T(X) =Y by

1+ 2z9 = Y1
T(X)=< zi+za=y2 7y,
31+ 22 =193

or
T(X)=T(x1,22) = (x1 + 222, 1 + 2, 321 + 22) = (Y1,Y2,¥3) =Y.

This operator T' has the property that to every X € R? it assigns a Y € R?. In
other words 7" maps the two dimensional space R? into the three dimensional space
RS

T:R?> - R3.

147
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R? is the domain of T, denoted by D(T), while the range of T, R(T) is contained
in R?,
D(T) =R?, R(T) C R>.

Since y1 = yo = 0 implies that x1 = z9 = 0, which in turn implies that y3 = 0, we
see that the point (0,0,1) € R? is not in the range of T'. Thus, T is not surjective
onto R3. Tt is injective (one-to-one) since every point Y € R(T) is the image of
exactly one X € D(T'). This an be seen by observing that y; and yo suffice to
determine X = (x1,x2) uniquely by solving the first two equations

—y1 + 2y = 11
Y1 — Y2 = T2.

Hence if Y = T(X;) and also Y = T(X3), then X; = Xy. Since the operator
T is completely determined by the coefficients in the equations, it is reasonable to
represent this T' by the matriz

1 2
T=111
3 1

If you care to think of X as the input into a paint-making machine, then z; might
represent the quantity of yellow and xo the quantity of blue used. In this case y1,yo
and y3 represent the quantities of three different shades of green the machine yields.
For this machine, as soon as you specify the desired quantities of any two of the
greens, say y; and y2, the quantities x; and xo of the input colors are completely
determined, as is the quantity ys of the remaining shade of green.

Let V be R? again. With X = (z1,22) € R?, and Y = (y1) € R!, define T by
1‘% + 37% = Y1,

or
T(X) = 22 + 3.

This operator 7" maps R? into R!
T:R?> - R

It is not surjective onto R' since the negative half of R! is completely omitted from
R(T') . Furthermore, it is not injective either since each point y; € R(T") other than
zero is the image of infinitely many points—all of those on the circle x? + 22 = y; .

Let V be C[-1,1]. If f e C[-1,1], we define T by

T(f) = f(0).

Thus, if f(x) = 2+ cosx, then Tf = 3. This operator T is usually denoted by
0 and called the Dirac delta functional. It was first used by Dirac in his work on
quantum mechanics and is extremely valuable in modern mathematics and physics.
T assigns to each continuous function f its value at x = 0, a real number. Therefore

T:C[-1,1] — R.
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The operator T is not injective, since for example the element 2 € R! is the image
of both f(x) =1+ e€* and f(z) = 2. It is surjective since every element a € R! is
the image of at least one element in C[—1,1] (if f(z) = a, then clearly T(f) =a).

(4) Let V be C[-1,1]. If f € C'[—1,1] then the differentiation operator D is defined

by
df
D = —(x).
(D)) = T (@)
It maps each function into its derivative. If f(x) = 2%, then (Df)(x) = 2z . Since the
derivative of a continuously differentiable function (a function in C1) is necessarily
continuous, we see that

D: CY-1,1] — C[-1,1].

D is not injective since, for example, the function g(x
fi(x) =z and fo(x) =2+ 2. D is surjective onto C[—

1 is the image of both

) =
1,1].

R(D) = C[-1,1],

since if g(x) is any element of C[—1,1], then g is the image of the particular function

f € C1[-1,1] defined by

because Df = g by the fundamental theorem of calculus.

Throughout this and the next chapter we will study some of the elementary aspects
of linear operators. It is reasonable to denote a linear operator by L .

Definition Let Vi and V3 both be linear spaces over the same field of scalars. An
operator L mapping Vi into Vy is called a linear operator if for every X and X
in Vi and any scalar a, L satisfies the two conditions

1. L(X + X) = L(X) + L(X)
2. L(aX) =aL(X).

Whenever ambiguity does not arise, we will omit the parentheses and write LX
instead of L(X).

An equivalent form of the definition is
Theorem 4.1 . L is a linear operator <=
L(aX 4+ bX) = aL(X) 4+ bL(X),
where X, X € Vi and a and b are any scalars.

ProOF: =
L(aX +bX) = L(aX) + L(bX) (property 1)
=aLX +bLX (property 2).
< Property 1 is the special case a = b= 1. Property 2 is the special case b =0.
REMARK:

It is useful to observe that always L(0) = L(0-X) = 0L(X) = 0. This identity is often
the easiest way to test if an operator is not linear.
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EXAMPLES:
(1) The operator L defined by example 1 where L: R? — R? is
LX = (z1 + 2z2, 21 + 22, 321 + 2),
is linear. Let X = (21,22) and X = (&1, #). Then

L(X-i-X) = (%1+f1+2:L‘2+2:i‘2,$1+f1+$2+5¢2,33§1+3f1+x2+i2)
= (xl + 2x9, 21 + X2, 311 + xz) + (.%1 + 2Z9, 1 + Z9,3%1 + .fg)
=LX +LX

and

L(aX) = (ax1 + 2ax2, ax1 + axs, 3ax1 + axs)
= a(x1 + 229,21 + x2,3x, + x2)
=alX.
(4-2)

2) The operator TX = z? + 22 with domain R? and range R! is not linear, since
1 2
T(aX) = (ax1)* + (axe)? = a®[2? + 23] # aT X
except for the particular scalars a =0,1.

(3) The operator Df = % with domain C'[-1,1] and range C[-1,1] is linear since if
fi and fy arein C'[—1,1] and a and b are any real numbers, then by elementary

calculus
d dfi | dfs
D = — = qg—= )
(afi +bf2) = o (afi +bf2) = a >+ b (43)
=aDf1 +bDfs.
(4) The operator L defined as
d

Lu = as(z)u” + a1 (x)u’ + ag(z)u, ('= %)’

where u(z) € D(L) = C?, and where ag(z), ai(x), and az(z) are continuous
functions, is a linear operator,
L:C? = C.

If A and B are any constants (scalars for C?), then for any u; and up € C?,

L(Auy + Bus) = az[Auy + Bus]” + a1[Auy + Bus]' + ag[Au;y + Bus]
= ag AuY + as BY + a1 Au), + a1 Buy + agAuy + agBus (4.4)
= Alagu + aru) + agui] + Blagul + ayuh + agus]

= ALuy + BLus.
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(5) The identity operator I is the operator which leaves everything unchanged. Because
it is so simple, it can be defined on an arbitrary set S and maps S into itself S — S
in a trivial way. If X € S, then we define

IX =X.

What could be more simple? If S is a linear space V (so aX and X; + X are
defined), then [ is trivially a linear operator, since

I(aX) 4+ bX3) = aX1 +bXe =alX; +bIX,

Why are linear operators important? There are several reasons. First, they are much
easier to work with than nonlinear operators. Second, most of the operators which arise
in applications are linear. The feature possessed by linear operators which is central to
applications is that of superposition. If Luy = f and Lug = g, then L(u; +ug)=f+g.
In other words, if u; is the response to some external influence f and wus the response to
g, then the response to f + g is found by adding the separate responses.

The special case of a linear operator whose range is the real number line R! arises often
enough to receive a name of its own.

DEFINITION: A linear operator whose range is R! is called a linear functional, {V — R!.

The Dirac delta functional is such an operator. So is the operator

1
I(f) = /0 f(z) dz,

which assigns to every continuous function f € C]0,1] the real number equal to the area
between the graph of f and the x-axis. Check that ¢ is linear.

If the linear operator L: Vi3 — V5 the range of L —a subset of the linear space V5 —has
a particularly nice structure. In fact, R(L) is not just any clump of points in V5 but

Theorem 4.2 . The range of a linear operator L: Vi — Vs is a linear subspace of Vo .

REMARK: Even more is true. We shall prove (p. 312-3) that dim R(L) < dim D(L) so that
no matter how large V5 is, the range has at most the same dimension as the domain.
PrROOF: The range of L consists of all elements Y € V5 of the form Y = LX where
X € V1. We know that R(L) is a subset of the linear space V5. The only task is to prove
that it is actually a subspace. Since V5 is a linear space, it is sufficient to show that the
set R(L) is closed under multiplication by scalars, and under addition of vectors. i) R(L)
is closed under multiplication by scalars. If Y € R(L), there is an X € Vi = D(L) such
that Y 4+ LX . We must find some X in Vi such that aY = LX , where a is any scalar.
Since aY = aLX = L(aX), we take X =aX .
ii) R(L) is closed under addition of vectors. If Y7 and Y5 are in R(L), there are elements
X1 and X in V3 = D(L) such that Y3 = LX; and Yy, = LX,. We must show that
Y1 + Y2 € D(L), that is, find some X €V such that Y1 +Yy, = LX. But V1 + Y, =
LX)+ LXy = L(X; + X3). Thus we can take X = X; + X.

Before moving further on into the realm of special linear operators, we shall take this
opportunity to define algebraic operations (addition and multiplication) for linear operators.
But first we define equality, L1 = Lo, in a straightforward way.
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DEFINITION: (EQUALITY) If L and Ly both map Vj into Vs, where Vi and Vs are linear
spaces, and if L1 X = Ly X for all X in Vi, then L; equals Lo . Thus, two operators are
equal if they have the same effect on any vector.
Addition is equally simple.
DEFINITION: (ADDITION). If Li: Vi — V5 and Lo: Vi — V4 then their sum, Lj + Lo, is
defined by the rule
(L1 + L2)X =L X+LX, XeW

EXAMPLES:
(1) Let Ly: R? — R? be defined by
Li(X) = (z1 4+ 22,21 + 222, —22), X = (z1,22) € R?
and Ly: R? — R? be defined by
Lo X = (=3z1 + 20,21 — x2,71), X = (x1,73) € R%
Then L1 + Lo is defined, and is

(L1 + L2)X + 11 X + Ly X = (:L'l + x2, 1 + 279, —SL‘Q) + (—31’1 + To,T1 — 132,1‘1)
= (=221 + 22,221 + 22, 71 — X2)

(4-5)

(2) Let D: C' — C be defined by

Du = du ue
dx
and L: C' — C be defined by
1
Lu = / e tu(t) dt ueC!

’ (4-6)

1
:ex/ e tu(t) dt.
0

(In reality, L may be defined on a much larger class of functions—u € C' is plenty, while
its image is the smaller space, constant e* C C'. We have decided on the smaller domain
and larger image space so that the sum D + L is defined). Then for any u € C!.

d 1
(D+ L)u=Du+ Lu= ﬁ + / e”tu(t) dt.
0

The following theorem is a statement of some simple facts about the sum of two linear
operators.

Theorem 4.3 . Let Ly, Lo, Ls,... be any linear operators which map Vi — Va, so that
their sums are defined. Then
0. L=1L1+ Lo is a linear operator

(1) Ly + (L + L3) + (Ly + Lo) + L3,
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(2) Li+Lo=Lo+ Ly

(3) Let 0 be the operator which maps every element of Vi into 0 € Vo, so 0X =0.
Then

Li+0=1L.

(4) L1+ (—Ly) = 0. Here —Ly is the operator which maps every element X € V;
into —(L1X).

PROOF: These are just computations. Let X1, Xs € V7.
0.

L(aX1 +bX2) = (L1 + Lo)(aX) + bX2)
= Li(aX1 + bX2) + La(aXy + bX2)
=al1 X1 +bL1 X9+ aloX1 +blLyXs
=a(L1 X1 + L2 X1) + b(L1 X2 + Lo X>)
=a(Ly + L) X1+ b(L1 + L2) X>
=alX, +bLX,.

(1) (Li+ Lo+ L)X = L1 X+ (Lo+L3)X = L1 X+ Lo X + L3 X = (L1 +Lo) X + L3 X =
((L1 + Lo) + L3) X.

(2) (Ll + LQ)X =1 X+ Lo X =L X + 11X = (L2 + Ll)X The step L1 X + Lo X =
Lo X + L1 X is justified on the grounds that the vectors Y] := 11 X and Y3 := Lo X
are elements of V5 —which is a linear space—so that Y7 + Yo =Yo + Y7 .

Note that the 0 in 0X is an operator, while the 0 in the next step is an element of
V5 . This ambiguity causes no trouble once you understand it.

(4) (L1 + (L)X = L1 X + (~L1)X = L1 X — L1 X =0
The crucial step (—L1)X = —L;X is the definition of the operator (—Lq).

REMARK: This theorem states that the set of all linear operators mapping one linear space
V1 into another V5 form an abelian group under addition.

Multiplication of operators is not much more difficult. If L; and Lo are linear opera-
tors, then their product LoLj in that order is defined by the rule LoL1 X = Lo(L1X). In
other words, first operate on X with L; giving a vector Y = L1 X . Then operate on this
new vector Y with Lo, giving LoY = Lo(L1X). It is clear that in order for this to make
sense, for every X € D(L;), the new vector Y = L; X must be in the domain of Ly . Thus
to form the product LoLq, we require that R(L1) C D(Ls) .

Look at our machine again.

| A FIGURE GOES HERE |
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The multiplication Lsl; means sending the output from [L; as input into Lo . In order
to join the machines in this way, surely one necessary requirement is that Lo is equipped
to act on the output from R(Lp), that is, R(L1) C D(L2). Of course the Lo machine
might be able to digest input other than what L; sends out. But all we care is that Lo
can digest at least what Lq sends it.

DEFINITION: (MULTIPLICATION). Let Li: Vi — V, and Lo: V3 — V. If the range of L,
is contained in the domain of Ly, R(L1) C D(L2), then the product LsLy is definable by
the composition rule

Lol X = LQ(LlX), where X € V] = ‘D(Ll)

The product LoL; maps the input Vi for Lp into the output V4 for Lo, Lolq: Vi3 —
Vs = Vy.
We exhibit a little diagram (cf. p. ?77).

| A FIGURE GOES HERE |

The way to get from Vi to Vy using LoLq is to first use L; to reach V5. Then use Lo
to get to Vj.

REMARKS: If LoLp is defined, it is not necessarily true that LjLo is defined (Example
1 below). Furthermore, even if LjLo is also defined, it is only a rare coincidence that
multiplication is commutative. Usually LoLi # LiLo when both products are defined.
Thus the order LoLq is important.

EXAMPLES:
(1) Let Li: R? — R3 be defined as
L1 X = (z1 — x9,29, —x1 — 2x2), where X = (z1,22) € R?,
and let Lo: R3 — R! be defined as
LoY = (y1 + 2y2 — y3), where Y = (y1,u2,93) € R”.

Then R(L1) C R® = D(Lz) so that the product LoL; is definable and LoL: R? Ly
R3 22 R!. Consider what LyL; does to the particular vector Xy = (—1,2) € R?.

Lyl Xo = La(L1Xo) = L2(—3,2,-3) = (-3 +4+3=4)
Thus LyL; maps (—1,2) € R? into 4 € R!. More generally, if X is any vector in
R?,
L2L1X = L2(L1X> = Lg(l'l — 2,2, —T1 — 2332)

4-8
:(.1:1—1‘2+21‘2+l‘1+21‘2):21‘1+33§2€R1. ( )

Thus LsL; maps (x1,72) € R? into 227 + 3z € RY.

Since R(Lz) = R! and D(L;) = R?, R(Ly) not C D(L;) so that the product LiLs
is not defined. You might be thinking that R! is part of R?. What you mean is that
R? has one dimensional subspaces. It certainly does—an infinite number of them, all
of the straight lines through the origin. Because there are so many subspaces of R?
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which are one dimensional, there is no natural way of regarding R' as being contained
in R?. [On the other hand, there is a natural way in which C! can be regarded as
contained in C'. We used this above in our second example for addition of linear
operators].

Define Li: R? — R? by the rule L1 X = (221 — 322, —21 + x2) and Ly: R? — R? by
the rule LoX = (229,71 + 22) Then R(L;) = R? = D(Ly) so that LyL; is defined.
It is given by

LQLlX = L2(2x1 — 3562, -1+ Ig) = (—21‘1 + 21‘2, 1 — 2%2)

In particular, LyL; maps Xg = (1,2) into (2,-3). Now R(Lz2) = R? = D(L4), so
that L;Lo is also definable. It is given by

L1 X = L1(2$2,{L‘1 + xg)
= (2 -2x9 — 3 - (xl + :BQ), —2x9 + (1'1 + 1’2)) (4—9)
= (—=3x1 + w2, x1 — T2).

In particular, L;Ls maps Xo = (1,2) into (—1,—1). Since L1Ly and LaL; map
the point Xo = (1,2) into two different points, it is clear that LiLs # LoL;, the
operators do not commute.

Let A be the subspace of R? spanned by some unit vector e; and B be the subspace
spanned by another unit vector ey . Consider the projection operators P4 and Pp.
They are linear since, for example,

PA(aX1 + bXQ) = <CLX1 + bXo, 61>€1
= CL<X1, 61>61 + b<X2, 61)61 (4—10)
= aPs X1 +bPysXo.

Because Pj: R?> — R? and Pp: R? — R?, both products PyPp and PgP, are
defined. We have

PoPpX = Py(PpX) = Pa((X, e2)e2)

= (X, ez)Paey = (X, ea){ea, e1)e1. (4-11)

Also,

PBPAX = PB(PAX) = PB(<X, €1>61) (4_12)

= <X, 61>PB€1 = <X, 61><61, 62>62.
Since P4PpX € A C R?, while PgP4X € B C R?, it is clear that usually P4Pp #
PpPy. They will happen to be equal if A = B, orif A L B (for then P4Pp =
PgPsy = 0). See the figure at the beginning of this example—and draw some more
special cases for yourself.

Let L: C*° — C* (C* is the space of infinitely differentiable functions) be defined
by
(Lu)(x) = zu(x), wueC™,
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and D: C° — (C* be defined by

(Du)(z) = %(w), we c.

Then R(L) = D(D) so that the product DL is definable by

d

DLu = D(Lu) = D(zu) = e

(zu(x)) = zu' + u.
Also, R(D) = D(L) so LD is definable by
LDu = L(Du) = L(u') = zu'.
Notice that LD # DL unless u = 0.
We collect some properties of multiplication.

Theorem 4.4 . If L1: V3 — Vo, Lo: V3 — Vi, and Lg: V5 — Vi, where Vi C V3 and
Vy C Vs, then

0. The operator L = Lol is a linear operator.

1. L3(LaLy) = (L3La)L1 —Associative law.

Proor: 0.

L(aX1 + bX2) = La(L1(aXy + bX3))

Lo(aLi Xy + bL1X5)

= La(al1X1) + La(bLy X3) (4-13)
=alol1 X1 +bLaLy Xo

=alX; + bLX.

(1) By definition of the product,
[Ls(LoL1)]X = Ls[(LaL1)X]| = L3[L2(L1 X)]

and
[(LsLa)L1]X = (L3sLy)(L1X) = L3[La(L1 X)].
Now match the ends.
Notice that the commonly occurring special case Vi = Vo = V3 =V, = V5 = Vg is
included in this theorem. In this special case, even more can be proved. For then the

identity operator I, defined by IX = X for all X € V' can be used to multiply any other
operator. Moreover, addition, Li 4+ Lo also makes sense.

Theorem 4.5 . If the linear operators L1, Lo, Ls all map V into V , then representing
any one of these by L,

(1) LI=IL=L.

(2) For any positive integer n, we define L" inductively by the rule L™t = LL™,
and L° = I. Then for any non-negative integers m and n ,

Ll = pmpn.
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(3) (Ll + LQ)Lg = IL1L3+ LoLs.
(4) Ls(Ly + Lo) = L3L1 + LsLy (This is needed in addition to 3 because of the non-

commutativity).

PROOF:

() If XeV,
(LI)X = L(IX) = LX

(IL)X =I(LX) = LX

(2) We shall prove L™t = L[™L"™ by induction on m. The statement is true, by
definition, for m = 1. Assume it is true for m =k, so LFt" = LEL™ . Our job is to
prove the statement for m = k + 1. By the definition and the induction hypothesis,

we have
LEtl = LM = L(LFL™).

Since multiplication is associative, we find that
L(LFL™) = (LL*)L".
But, by definition,
LLk‘ — Lk-‘rl'

Thus,
Lk+n+1 — Lk+1Ln

This completes the induction proof.

3) If XeV,
[(Ll + Lg)Lg]X = (Ll + LQ)(LgX)

Let L3X =Y € V. Then (Ll + LQ)Y = 11Y + LyY. Thus

[(Ll + LQ)Lg]X = Ll(LgX) + LQ(LgX) = (Ll,Lg)X + (Lng)X

(4) Same proof as 3.

REMARK: If V7 and V5 are two linear spaces, the set of all linear operators which
map V; into V5 is usually denoted by Hom(Vj, V) —Hom rhymes with Mom and
Tom. In this notation, the last theorem concerned Hom(V,V). The abbreviation
Hom is for the impressive word “homomorphism”. Tell your friends.

ExampLEs: Consider D: C® — C* defined by (Du)(z) = %(z). Then D" =
dn

dan’

Exercises

(1) Determine which of the following are linear operators.
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(a) T:R? — R?
TX = (z1 + x2,21 — T2),

where X = (z1,22) € R?.
(b) T:R? —R?%,
T(X)=(z1+x2+ 1,21 — x2)

(c) T:R3 — R?
T(X) = (z1 + 2122, 22)

(d) T:R3 —R!
T(X) = (1‘1 + 9 — 1?3)

(e) T:R> —R!
T(X) —|—(.7,‘1—|—33‘2 —l‘3+2)

(f) D: Py — P1. If P(x) = azx?®+ a1x +ag € Py then
D(P) =2az + a1 € P1.
(g) T:CY-1,1] — R, If u(z) € C'[—1,1], then
T (u) = u(0) + u'(0).

(h) T:C[2,3] — C[2,3]. If ue C[2,3],

3
(Tu)(z) = /2 emtu(t) dt
(i) T:C[2,3] — C[2,3],
3
(Tu)(z) =1 —|—/2 " tu(t) dt
(G) T:C|2,3] — C[2,3],
3
(Tu)(z) = /2 e“tu?(t) dt
(k) Sy: C[0,00] — C0, <]
(S1u)(2) = u(z +1) — u(x)

(1) L: A— C0,00],
where A = {u € C[0,00]: [ |u(t)| dt < o0},

(Lu)(z) = /0 " ertt) dt,

[Our restriction on A is just to insure that the integral exists. Lu is usually
called the Laplace transform of u].
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(m) T: C[0,00] — C[0, 0]
(Tu)(z) = agu(z2) + aru(z + 1) + apu(x),

where the ai(z) are continuous functions.

(n) T:C[0,1] — C[0,1].
(Tu)(x) = 2zu(x).

(o) T: R? — R!
TX = |21 4 2|, where X = (x1,29) € R%

[Answers: a,d,f,g,h,k,],mmn are linear].

(2) (a) If I(x) is a linear functional mapping R! — R!, prove that I(z) = ax, where
a=1(1).

(b) If I(X) is a linear functional mapping R™ — R!, prove that [(X) = zn:aka:k ,
where X = (z1,...,2,). =
(3) Let Li: R! — R? be defined by
L1 X = (x1,321), where X = (z1) € R!,
and Ly: R? — R? be defined by
LoY = (y1 + y2, 41 + 2y2), where Y = (y1,42) € R%.
Compute LoL1Xg, where Xo=2¢€ R'. Is L;Ly defined?
(4) Let A: R? — R? be defined by
AX = (z1 + 3x9, —x1 — T2), X = (z1,13) € R?

and B:R? - R? by
BX = (—xl + 29,221 + ZL‘Q).
a). Compute ABX, BAX,B?X,A2BX , and (A+ B)X .

b). Find an operator C' such that CA = I. [HINT: Let CX = (c1121+ 1229, co121 +
022332) and solve for C11,C12 , etc.}

(5) Consider the operators D: C*® — C*°, (Du) =« and L: C® — C*°, (Lu)(z) =
Jo u(t)dt.

(a) Show that DL =1, LD =1 —§, where ¢ is the delta functional.

(L2u)(z) = /0 ’ < /0 Sl dt> ds.

Integrate by parts to conclude that

2 ‘ ~Hu
(L*u)(x) + /0 (x — t)u(t) dt.
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(b) Observe that D?L? = D(DL)L = DIL = DL = I . Use this observation to find
a solution of the differential equation D?u = f for u, where f € C*. Solve
the particular equation (D?u)(x) =

e
(6) Let A: R? — R? be defined by
AX = (anz1 + ai1a72,a2171 + azx2),
and B: R? — R? be defined by
BX = (b11w1 + biax2, ba1w1 + baoxa).

(a) Compute AB.
(b) Find a matrix B such that AB = I, that is, determine b11,b12,... in terms of

ai1,a12, ... such that AB = I. [In the course of your computation, I suggest in-
troducing a symbol, say A, for aj1a12 —ai2a91 when that algebraic combination
crops up.|

(7) In the plane E?, consider the operator R which rotates a vector by 90° and the
operator P projecting onto the subspace spanned by e (see fig). (a) Prove that R
is linear. (b). Let X = (x1,72) be any point on E?. Compute PRX and RPX .
Draw a sketch for the special case X = (1,1).

(8) In R3, let A denote the operator of rotation through 90° about the x-axis (so
A:(0,1,0) — (0,0,1) ), B the operator of rotation through 90° about the x3-axis
and C' the operator of rotation through 90° about the z3-axis (see fig.) Prove these
operators are linear (just do it for A). Show that A* = B* = C* = I, AB # BA,
and that A*B* = B2A?. Is it true that ABAB = A*B??

(9) Let P denote the linear space of all polynomials in . For p € P, consider the
operators Dp = d—i and Lp = xp. Show that DL — LD =1.

(10) (a) If Ly1Ly = LoL; , prove that

(L1 + Lo)? = L + 2L, Ly + L3.

(b) If LyLy # LoLy, then (Ly + Lg)? =7

(11) If Ly and Lo are operators such that LiLo — LoLy = I, prove the formula L} Lo —
LoL} =nL™ ' where n=1,2,3,....

(12) If L; is a linear operator, Li: V) — Vo [or L; € Hom(Vi,V3) ], and a is any scalar,
define the operator L = aly by the rule LX = (al1)X = a(L1X), where X € V;.

Prove

(0). L =al; is a linear operator, L: V; — V.

(5). a(bLy) = (ab)Ly, where a,b are any scalars.

(6). 1-Ly=1Ly.

(7). (a+b)Ly =aly+bL.

(8). a(L1+ La) = aly + aLy, where Ly € Hom(V4, V3).
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Coupled with Theorem 3, this exercise proves that the set of all linear operators map-
ping one linear space in to another linear is itself a linear space, that is, Hom (V1, Va)
is a linear space.

(a). In B2, let L denote the operator which rotates a vector by 90°. Then L: E? —
E2. If X = (21,72) = z1€1 + T2e2, where e; = (1,0) and ey = (0,1), write L as

LX = (a1171 + a1222, a2171 + az2x2),
That is, find the coefficients ai11,a12,.... This gives two ways to represent L, as

a rotation (geometrically), and by linear equations in terms of a particular basis
(algebraically).

(b). In E2, consider the operator L of rotation through an angle «. Show that
Le; = (cosa,sina), Ley = (—sina,cosa),
and then deduce that if X = (z1,22) = x1e1 + 2e2,

LX = (z1cosa — xgsina, x1 sina + xg cos «).

(14) Consider the space P, of all polynomial of degree n. Define L: P,, — P, as the

translation operator (Lp)(z) = p(x + 1), and D: P, — P, as the differentiation
operator, (Dp)(x) = %(1‘) . Show that

D2 Dn—l Dn
L—J+D+ =2 ... =2 .2
L TR A Y e TR

(15) Consider the linear operators Li = a1 D? +b1D +c¢11, and Ly = asD? + by D + eol .

4.2

Both L; and Lo map the linear space of infinitely differentiable function into itself,
L;: C* — C°°. If the coefficients a1, as2,b1,... are constants, prove that LiLy =
Lol .

A Digression to Consider au” +bu' +cu = f.

Essentially the only linear equation you can solve explicitly are linear algebraic equations,
like two equations in two unknowns. Since our theory applies to much more general situa-
tions, we shall develop a different example for you to keep in the back of your minds along
with that of linear algebraic equations. The example we have chosen has the additional
virtue that it contains most of the solvable differential equations which arise anywhere.

Wat

and

ch closely because we shall be brief and with a high density of valuable ideas.
Problems concerning vibration or oscillatory phenomena are among the most important
significant ones which arise in applications. The simplest case is that of a simple

harmonic oscillator. We have

| A FIGURE GOES HERE |




162 CHAPTER 4. LINEAR OPERATORS: GENERALITIES. V' — Vy,Vy — V!

a mass m attached to a spring. Pull the mass back a little and watch it move back and
forth, back and forth. These are oscillations. To make the situation simple, we assume
that the spring has no mass and that the surface upon which the mass rests is frictionless.
Let wu(t) denote the displacement of the center of gravity of the mass from the equilibrium
position. Two experimental results are needed from physics.

1. Newton’s Second Law: m *.-w =) F, where > F means the resultant of all the
forces on the center of gravity of the mass (we assume all forces are acting horizontally).
2. Hooke’s Law: If a spring is not stretched too far, then the force it exerts is propor-
tional to the displacement,
F = —ku, k> 0.

We chose the minus sign since if a spring is displaced, the force it exerts is in the direction
opposite to the displacement. [Under larger displacements, actually

F(u) = a1u + agu® + azu® + . ..

-where ag = F(0) = 0. If the displacement u is small, the lowest term in the Taylor series
for F(u) gives an adequate approximation. This is a more precise statement of Hooke’s
Law].

Putting these two results together, we find that

mii = —ku + F} (notation : i = dZ—u)
’ dt?
where F) represents all of the remaining forces on the mass. One possible force (so far
incorporated into F ) is a so-called viscous damping force. It is of the form F, = —pui where
w > 0; at low velocities, this force is experimentally found to account for air resistance. It
is directed opposite to the velocity, and increases as the speed does (speed = ||velocity|| ).

[Again, F, = byii+bou®+..., that is F,(u) is given by a Taylor series with F,(0) = 0. At
low speeds, the higher order terms can be neglected to yield a reasonable approximation.|
Thus, to our approximation,

mi = —ku — pu + Fy,

where F5 represents the forces yet unaccounted for. Let us assume that these remaining
forces do not depend on the motion and are applied by the outside world. Then the force
F5 depends only on time, Fy = f(¢). It is called the applied or external force. Newton’s
law gives

mii = —ku — pu + f(t),

or
Lu: = aii = bu+ cu = f(t),

where a =m, b=, and ¢ = k. For the purposes of our discussion, we shall assume that
k and p do not depend on time. Then a,b and ¢ are non negative constants.

In order to determine the motion of the mass, we must solve the ordinary differential
equation Lu = f for u. Have we given enough information to determine the solution? In
other words, is the solution unique? For any physically reasonable problem, we expect the
mathematical model has a unique solution since (neglecting quantum mechanical effects)
once we let the mass go, it will certainly move in one particular way, the same way every
time we perform the same experiment. It is clear that the motion will depend on the initial
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position u(tg). But if two masses have the same initial position, the resulting motion will
still be different if their initial velocities w(ty) are different. Thus we must also specify the
initial velocity (tg) as well as the initial position wu(tp). Are these sufficient to determine
the motion? Yes, however that requires proof. What must be proved is that if we have two
solutions wj(t) and wz(t) of the same ordinary differential equation (1) and if their initial
positions and velocities coincide, then the solutions coincide, u; = ug for all later time,
t>to.

Theorem 4.6 (Uniqueness). Let ui(t) and ua(t) be two solutions of the ordinary differ-
ential equation

Lu: = aii+ bl + cu = f(t),
where a, b, and ¢ are constants, a > 0,b>0,c > 0. If ui(ty) = ua(ty), and u1(ty) =

ta(to) , then uy(t) = ua(t) for all t > 0, in other words, the solution is uniquely determined
by the initial position and velocity.

REMARK: The theorem is true under much more general conditions - as we shall prove in
Chapter 6.
PROOF: Let w(t) = ua(t) — ui(t) . We shall show that w(t) =0 for all ¢ > ty. Now

Lw=L(uy —uy) =Lug — Lu; = f — f =0,
that is,
a + b+ cw =0 (4-14)
Furthermore
w(tg) = 0 and w(tg) =0, (4-15)

since w(to) = UQ(t()) — ul(to) =0, and w(to) == iLg(to) - ﬂl(to) = 0. This reduces the
question to showing that if Lw = 0, and if w has zero initial position and velocity, then
in fact w=0.
The trick is to introduce a new function, E(t), associated with (2) (which happens to
be the total energy of the system)

1 1
E(t) = iau')Q + ich'

How does this function change with time? We compute its derivative.
E(t) = atd + cw = w(at + cw).

Using (2) we know that aw 4 cw = —bw . Therefore
E(t) = —bu® <0 (since b > 0)

[Thus energy is dissipated (b > 0) - or conserved E =0 in the special case of no damping
(b=0).] Consequently
E(t) < E(tg) for all t >t (4-16)

Now observe that for the mechanical system associated with w , we have E(to) = 2uw?(to)+
fw?(tp) = 0. Furthermore, it is obvious from the definition of E(t) (since a and ¢ are
positive) that 0 < E(t). Substitution of this information into (4) reveals

0<E(t)<O0 for all t > .
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This proves E(t) = 0 for all ¢ > tp, which in turn implies w(¢) = 0—again from the
definition of E(t). Our proof is completed. We have taken some care since all of our
uniqueness proofs will use essentially no additional ideas. A more general case (a, b and ¢
still constants but not necessarily positive) will be treated in Exercise 9.

Having proved that there is at most one solution of the initial value problem

Lu: = aii+ b+ cu = f(t) (differential equation)
u(ty) = a and u(ty) = B (initial conditions)

we must now prove there is at least one solution. This is the question of existence. For the
special equation (5), the solution is shown to exist by explicitly exhibiting it. In the case of
more complicated equations we are not as fortunate and must content ourselves with just
showing that a unique solution exists but cannot exhibit it in closed form.

It is easiest to begin with the homogeneous equation Lu = 0, that is, find a solution of

aii + b+ cu =0 with u(ty) = «, and u(tp) = .
At

Without motivation, let us see what the substitution u(t) = e yields. Here X is a
constant. We must compute Le .

LeM = (aA? 4 DA + ¢)e.

Can A be chosen so that e is a solution of Lu = 0? Since e™ % 0 for any ¢, this means,
is it possible to pick A so that al? + b\ +c = 0? Yes. In fact that “quadratic equation
formula” yields two roots

_—b+\/b2—4ac N —b—+b? —4dac

A p—
! 2a 2 2a

of the characteristic polynomial p(\) = aA® + bA + c. Notice that we have assumed a # 0.
Thus, two solutions of the homogeneous equation are

uy(t) = eMt and  wuo(t) = e

Since the operator L is linear, every linear combination of solutions is also a solution,
L(Auj + Bug) = ALuj + BLug = 0. Therefore u(t) = Aui(t) + Bua(t) is a solution of the
homogeneous equation Lu = 0 for any choice of the scalars A and B.

What about the initial conditions wu(tp) = «, u(tg) = [ ; can they be satisfied by picking
the constants A and B suitably? Let us try. We want to pick A and B so that

AeMto 4 Bet2to — (u(ty) = )
AN M - Bl = 8 (u(ty) = B).
These equations can be solved as long as

0 # AgeP1tAa)lo _ y  (atA)to — (A — )\1)6(/\1+>\2)t0,

which means A\; # Ao or b —4ac # 0. [The linear equations Ari+Bs; = a, Arg+Bsy = f3
can be solved for A and B if risy — ros1 # 0]. Before dealing with the degenerate case
b2 —4dac =0, let us consider an
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EXAMPLE: Solve i + 34+ 2u = 0 with the initial conditions u(0) =1 and %(0) = 0. If

we seek a solution of the form u(t) = e, the characteristic polynomial is A2 4+3X\+2 =0,

and has roots A\; = —1, Ay = —2. Therefore u(t) = Ae™! + Be~ 2! is a solution. Since
A1 # A2, we can solve for A and B by using the initial conditions. We find

A+B=1 (u(0) =1),

—A-2B=0  (4(0) =0).

These two equations yield A =1, B= —1. Thus
u(t) =27t — e

is the unique solution of our initial value problem.

The degenerate case b? —4ac = 0 must be discussed separately. In this case \; = Ay =
—% , so the two solutions eM? and e*?! are really the same solution. Without motivation
(but see Exercise 12) we claim that teM* is also a solution. This is easy to verify by a
calculation.

L(teMt) = a(tA3eM! 4 20eMY) + b(eM? + \yte™?) 4 cte

4-17
= (aA? + b + o)teM + (2a\; + b)eM? (+17)

Since (a)\%—kb)\l +c¢) = 0 by definition of A\, and A\; = —% in our special case, both terms
on the right vanish. Hence both u(t) = e*! and wo(t) = te’? are solutions of Lu = 0
(if b2 —4ac=0), so u(t) = Ae*? 4 BteM! is a solution for any choice of A and B. It is
possible to pick A and B to satisfy arbitrary initial conditions wu(ty) = a, u(tg) = 5.
AeMto 4 Btoetto = o (u(ty) = )
Aljettto 4 B(1+ >\1t0)€)‘1t0 = (u(to) = ).

These can be solved for A and B since

0 7§ (1 + )\1t0)62)‘1t0 _ )\1t0€2>‘1t0 _ 62>‘1t0.

EXAMPLE: Solve i+ 6% +9u = 0 with the initial conditions u(1) =2, u(1) = —1. Seeking
a solution in the form e | we are led to the characteristic equation A2 +6\+9 = 0, which
has A\; = —3, Ao = —3, as roots. Therefore u;(t) = ¢3! is a solution of Lu = 0. Since
A1 = A2, another solution is wug(t) = te™3t. Thus u(t) = Ae 3° + Bte 3! is a solution for
any A and B. To solve for A and B in terms of the initial conditions, we must solve the
algebraic equations

Ae 3+ B-1-e3 =2, (u(l) = 2),

—34e 2+ B(1-3)e 2 =-1,  (a(l) =—1).

We find that A = —3e3 and B = 5¢?. Thus
u(t) = —3e’e 3 4 bedte ™,

or, equivalently, .
u(t) = —3e 301 4 5re—30-1),

Our results will now be collected as
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Theorem 4.7 . The initial value problem
ati +bi+cu=0,a#0, with u(ty) = a, u(ty) =,

where a,b, and c are constants, has a unique solution.
i) If b2 —4ac # 0, it is of the form

u(t) = AeM! + Be??t,
i) If b> —4ac =0, so \1 = Ay, it is of the form
u(t) = AeMt + BteMt,

Here A\; and Ay are the roots of the characteristic equation aA\?> + b\ + ¢ = 0, and the
constants A and B are determined from the initial conditions.

REMARK: We have omitted the condition ¢ > 0, b >0, ¢ > 0 from our theorem since the
construction presented to find a solution did not depend on this. Uniqueness for that case
is treated as exercise 9, as we mentioned earlier.

Another

EXAMPLE: Solve i — 2u + 2u = 0, with the initial conditions u(0) = 1, u(0) = 1. The
characteristic polynomial is A> —2A+2 = 0. Its roots are A\; = 1+, and Ap = 1—i. Since
A1 # Ao, the solution is of the form u(t) = Ae(!)* + Be(l=)* | From the initial conditions,
we find that

A+B=1,  (u(0)=1),
1+DA+(1-i)B=1,  (a(0)=1).

Thus A:%,B:%,SO

1 4 1 .
)= = (144t . — (171)1‘,'
u(t) 26 + 26
Recalling that e®™% = e®(cost + isiny), this solution may be written in a more familiar
form: . .
u(t) = §€t(cost +isint) + §et(cost —isint),
that is,

u(t) = €' cost.

What has been done can be summarized elegantly in the language of linear spaces. We
have sought a solution of a second order linear O.D.E., which we write as Lu = 0. It was
found that every solution of this equation could be expressed as a linear combination of
two specific solutions w; and we, u(t) = Aui(t) + Busa(t), where the constants A and B
are uniquely determined from wu(tg) and (tg). Thus, the set of functions u which satisfy
Lu =0 form a two dimensional subspace of D(L) = C?. The functions u; and ug span
that subspace. If we call the set of all solutions of Lu = 0 the nullspace of L, N(L), then
our result simply reads “dim N(L) = 2”. A particular solution of Lu = 0 is found by
specifying u(tp) and u(tp) .

The inhomogeneous equation Lu = f is treated by finding a coset of the nullspace
of L. For if wg is a particular solution of the inhomogeneous equation Lug = f, then
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u = a+ug ; where u € N(L), is also a solution since Lu = L(tu+4ug) = Lu+Lug =0+f = f.
Therefore, if one solution wug of the inhomogeneous equation Lu = f is found, the general
solution is u = @ + up where 4 € N(L). In particular, the solution @ € N(L) can be
chosen so that arbitrary initial conditions for w, u(tg) = «, u(ty) = [, can be met. We
shall defer (until our systematic treatment of linear O.D.E.’s) presenting a general method
for finding a solution wug of the inhomogeneous equation. In our example, the particular
solution will be found by guessing.

EXAMPLE: Solve Lu: = i —u = 2t, with the initial conditions «(0) = —1, @(0) = 3. The
homogeneous equation Lu = 0 has the general solution @(t) = Ae! + Be™t. We observe
that the function wug(t) = —2t is a particular solution of the inhomogeneous equation,
Lu = 2t. Thus u(t) = Ae! + Be™!. The initial conditions lead us to solve the following
equations for A and B,

A+B =1 (+18)
A-B-2=3. (4-19)
A computation gives A =2, B = —3. Thus the solution of our problem is

u(t) = 2e’ —3et — 2t

It is routine to verify that this function u(¢) does satisfy the O.D.E. and initial conditions
(you should verify the solutions to check for algebraic mistakes).

Exercises

(1) Solve the following homogeneous initial value problems,

a). 4 —u=0, u(0) =0, u(0)=1.

(
(b)
()
(d)
(

b). ii+u=0, w0)=1 u(0)=0.
Cii— 404 5u=0, u(0)=-1, u(0)=2.
d). i+20—8u=0, u2)=3, u(2)=0.

e)

(2) Solve the following inhomogeneous initial value problems by guessing a particular
solution of the inhomogeneous equation. Check your answers.
(a) it —u =t2, uw(0) =0, u(0)=0

HINT: Try ug(t) = a1t? + ast + a3 and solve for aq,az,as .|

i=0, w0)=7, u(0)=3.

(b) i —4u+5u = sint, u(0) =1, «(0) =0 [HINT: Try wuo(t) = a1 sint+ag cost .|

(3) Consider an undamped harmonic oscillator with a sinusoidal forcing term, i +n?u =
sinyt. Find the general solution if 2 # n? [try ug(t) = aysinyt + acosyt for a
+
particular solution]. What happens if v —— n? This is called resonance.

(4) You shall discuss damping in this problem. Consider the equation i+ 2ut+ ku =0,
where p >0, and k> 0. We shall let v = /|u? — k|.
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Light damping (u? < k). Show that the solution is
u(t) = e " (Acosyt + Bsinyt),

and sketch a rough graph for the case A = 1, B = 0. This is the kind of
oscillation you want for a pendulum clock, with p small.

Heavy damping (u? > k). Show that the solution is
u(t) = e M (A + Be ).

Show that w(t) vanishes at most once. Sketch a graph for the two cases A =
B =1 and A= —1,B = 3. The first describes the oscillation of an ideal screen
door, while the second describes the ideal oscillation of a slammed car door.

(5) It is often useful to study the oscillations described by i+ 2ut 4+ ku = 0 by sketching

the

solution in the wu, u plane - or phase space as it is called. Investigate the curves

for heavily and lightly damped oscillators. Show that the curve for a heavily damped
oscillator will be a straight line through the origin for special initial conditions. What
does the phase space curve look like for an undamped oscillator (u =0, k> 0)?

(6) Consider the linear operator Lu = aii+ b+ cu, where a,b, c are constants. We have
seen that Le™ = p(r)e™ where p(r) is the characteristic polynomial.

(a)
(b)

If r is mot one of the roots of the characteristic polynomial, observe that you
can find a particular solution of Lu = €. What is it?

If neither r1 nor r9 is a root of the characteristic polynomial, find a particular
solution of Lu = aje"! + ase™! | where a; and as are specified constants.

Use this procedure to find a particular solution of
i)t — 4u = cos ht, 1)U + 4u = sint

Imitate our procedure and develop a theory for the first order homogeneous
O.D.E. Lu: = u+bu =0, where b is a constant. In particular, you should prove
that there ezists a unique solution satisfying the initial condition wu(tp) = o, and
give a recipe for finding it. Use your recipe to solve @+ 2u =0, u(0) = 3.

And now you will show us how to find a particular solution of the inhomogeneous
equation Lu = f, where f(t) is some given continuous function and Lu: =
@+ bu. [HINT: Try to find a function p(t) such that p(a+bu) = %(,uu) . Then
integrate %(uu) = pf , and solve for u]. Use your method to find a particular
solution for 14 2u = x, and then a solution of the same equation which satisfies
the initial condition «(0) =1.

(8) Find a solution of u” — 2u” — v/ + 2u = 0 which satisfies the initial conditions
u(0) = v/(0) = 0, u”(0) = 1. [HINT: The cubic equation 7> — 2y% — v + 2 has roots

+1,

—1 and 2].

(9) You will prove the uniqueness theorem for the equation @+ bi+cu = 0, where b and
¢ are any constants (we have let a = 1, because if it is not 1, just divide the whole
equation by a). The trick is to reduce this to the special case b > 0, ¢ > 0, already
done.
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(a) Show that in order to prove the solution of
i+ bu + cu = f, where u(to) = a, u(to) =
is unique, it is sufficient to prove that the only solution of
W+ b + cw = 0, w(ty) =0, w(ty) =0

is w(t)=0.
(b) Define ¢(t) by w(t) = e’p(t). Observe: to prove w = 0, it is sufficient to
prove ¢ =0 ( here 7 is any constant). Use the differential equation and initial

conditions for w to find the differential equation and initial conditions for ¢.
Show that + can be picked so that the D.E. for ¢ is

gb—i—ggb—i-()(p:O,

where b and ¢ are positive. Deduce that ¢ = 0, and from that, that w =0,
completing the proof.

(10) A boundary value problem for the equation
' +bu' 4+ cu=0

is to find a solution of the equation with given boundary values, say u(0) = a and
u(l) = B. Assume b and ¢ are real numbers.

(a) Show that a solution of the boundary value problem always exists if 5% —4c > 0
(the case b? — 4c = 0 will have to be done separately).

(b) Prove that if b? — 4c > 0, the solution is unique too. [I suggest letting u(t) =
e"v(t), and then choosing ~ so that the equation satisfied by v is of the form
v"+¢év =0, where ¢ < 0. The case ¢ =0 is trivial. If (¢) < 0, can the solution
have a positive maximum or negative minimum?]

(11) If a spring is hung vertically and a mass m placed at its end, an external force of
magnitude mg due to gravity is placed on the system. Assume there are no dissipative
forces of any kind.

(a) Set up the differential equation of motion. Remember that you must specify
which is the positive direction.

(b) If the tip of the spring is displaced a distance d by placing the mass on it (no
motion yet), so the equilibrium position is d below the unstretched end of the
spring, show that the spring constant k is given by k = mg/d.

(c) Let the body weigh 32 pounds, and d be 2 feet. Find the subsequent motion if
the body is initially displaced from rest one foot below its equilibrium position.
[Take |g| = 32 ft/sec?].

(12) * Consider au”+bu'+cu=0. If v1 # 72, are the roots of the characteristic equation,
observe that the function
e"flt — e"th
wt) = ——
71— 72
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is also a solution (it is a linear combination of ¢! and e7?'). Now pass to the
limit 72 — 71 (leave 7; fixed and let vo move) by using the Taylor series for €.
The function you get is then a “guess” for a second solution in the degenerate case
Y1 = 2 . This supplies some motivation for the guess made earlier.

(13) * Consider Lu: = u” + 2u = f, where f is given. You know how to solve

Lu = Asinnx (Exercise 6). Find a particular solution to the general inhomoge-
neous equation in the interval [—m, 7| by expanding f in a Fourier series and then
use superposition. Apply this to solve u” + 2u =z .

(14) Consider an undamped harmonic oscillator, whose motion is specnﬁed by u(t Where

mu” +ku = 0,k > 0. Show that the solution u(t) = Aj cos \/ t + By sin \/ t may

be written in the form

u(t) = Asin(wt + ),

where A is the amplitude of the oscillation, w = 27v, v is the frequency, and € is
the phase. Show that u(t) is periodic, u(t +T) = u(t), where the period T = 1/v.
Interpret the amplitude and phase and determine A,w, and € in terms of Ay, By, k
and m . [I suggest looking at a specific example and its graph first].

4.3 Generalitieson LX =Y.

Undoubtedly the fundamental problem in the theory of linear (and nonlinear) operators is
to determine the nature of the range of an operator L. One particular aspect of this is the
vast problem of solving the equation

LX =Y

for X when Y is given to you. The question here is, “is a given Y in the range of L 77,
or “can we find some X such that LX =Y ?” If one can solve the problem uniquely for
any Y , then the solution is written as

where L~! is the operator inverse to L, in the sense that L™'L = I (so tosolve LX =Y,
apply L™, X = L7'LX = LY.

Let us give some examples, familiar and unfamiliar, of problems of the form LX =Y,

where Y is given.

1. LX = (2.2?1—{—3.1’2,.%1—!—2.%2), XGRQ,

L:R? — R?.

The problem of solving LX = Y where Y = (—1,2) € R? is that of solving the two
equations

201 + 3x0 = —1
T+ 229 = 2

for two unknowns (z1,z2) = X .
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2. Lu=u" + 24 + 3u, where u € C?,
L:C? = C.

The problem of solving L(u) = x is that of solving the inhomogeneous ordinary differential
equation
Lu: =u" +2u +3u=2z

for u(x).

3. Lu= / cos(x — t)u(t) dt, u € C[0, .
0
You should check that L is a linear operator. The problem of solving L(u) = sinz is that
of solving the integral equation

Lu: = / cos(z — t)u(t) dt = sinz
0

for the function w. In this example, it is instructive to examine the range more closely.
Since cos(x —t) = coszcost+sinxsint and since functions of = are constant with respect
to t integration, we see that Lu may be written as

™ ™
Lu: = cosx/ costu(t)dt + sinx/ sin t u(t) dt,
0 0

or
Lu: = ajcosx + agsinz,

where the numbers o7 and ao are

oq:/o (cost)u(t) dt; a2:/0 (sint)u(t) dt.

Thus, the range of L is the linear space spanned by cosx and sinz, which has dimension
two. This linear operator L therefore maps the infinite dimensional space C|0,7] into a
finite (two) dimensional space. In order to even have a chance of solving Lu = f for this
operator L, we first check to see if f even lies in this two dimensional subspace (for if it
doesn’t, it is futile to go further). The particular function sinz does, so it is reasonable
to look for a solution - which we shall not do right now (however there are infinitely many
solutions, among them u(z) = Zsinx).

One particularly important equation which arises frequently is the homogeneous equa-
tion

LX =0,

which is the special case Y = 0 of the inhomogeneous equation,
LX =Y.

Since L is a linear operator, there is no problem of our finding one solution of LX = 0
for X = 0 is a solution, the so-called trivial solution of the homogeneous equation. The
problem is to find a non-trivial solution, or better yet, all solutions. In the previous section,
this question was answered fully for the particular operator Lu = au” + bu’ + cu, where
a, b, and ¢ are constants. Many of our results there generalize immediately, as we shall
see Now.
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DEFINITION: The set of all solutions of the homogeneous equation LX = (0 where L is a
linear operator is called the nullspace of L. This nullspace of L, N(L), consists of all X
in the domain of L which are mapped into zero by L,

L:N(L) — 0. N(L) C D(L).
We have called N(L) the nullspace of L, not the null set because of

Theorem 4.8 . The nullspace of a linear operator L: Vi — Vo is a linear space, a subspace
of the domain of L .

PROOF: Since the domain of L, D(L) = V;, is a linear space and N(L) C D(L), by
Theorem 2, p.142 all we need show is that the set N(L) is closed under multiplication by
scalars and under addition of vectors. Say X; and X € N(L). Then LX; = 0 and
LX5 = 0. We must show that L(aX;) =0 for any scalar a, and that L(X; + X2) =0.
But L(aX;) =al(X;) =a-0=0,and L(X; + Xo) = LX1+LXy=0+4+0=0. Thus
N(L) is a subspace of D(L) ="V;.

One important reason for examining the null space of a linear operator is because
if N(L) is known, and if any one solution of the inhomogeneous equation is known, say
LX, =Y (where Y was given and X7 is the solution we know), then every solution of the
inhomogeneous equation is of the form X + X, where X € N(L). In other words every
solution of LX =Y isin N(L) 4+ X;, the X; coset of the subspace N(L).

Theorem 4.9 . Let L: V{ — Vo be a linear operator. If X1 and X are any two solutions
of the inhomogeneous equation LX =Y , where Y is given, then Xo — X1 € N(L), or
Xo=X+X; where X e N(L).

PROOF: Let X = X, — X;. We shall show that X € N(L).
LX=L(X;-X|)=LXy;—LX; =Y -Y =0.

By using this theorem, we see that if all solutions of the homogeneous equation LX =
0 are known - the nullspace of L —and if one solution of the inhomogeneous equation
LX; =Y is known, then all of the solutions of the inhomogeneous equation are known.
This solution set of the inhomogeneous equation is the X coset of N(L) .

EXAMPLE: 1 Let L: R? — R? be defined by
LX = (1171 + 29,21 — xg) € R?

Then N(L) is the set of all points in R? such that LX = 0, that is, which satisfy the
equations

1 +22=0

r1— 29 =0

Thus the nullspace of L consists of the intersection of the two lines x1+x2 =0, x1—22 = 0.
The only point on both lines is 0. Thus N(L) is just the point 0. To solve the inhomogeneous
equation LX =Y, where Y = (1,1).

1 +x9=1, 21 — 29 = 1,
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we find one solution of it, X7 = (1,0). Then every solution of the inhomogeneous equation
is of the form X = X + X, where X € N(L). But since X +0 is the only point in N(L),
every solution is of the form X = 0+ X; = X; . Thus every solution is exactly X, which
is the unique solution of LX =Y . This situation is a general one. Again, we also saw this
for Lu = au” +bu' + cu.

Theorem 4.10 . If the nullspace N(L) of the linear operator consists only of 0, then the
solution of the inhomogeneous equation LX =Y (if a solution exists) is unique. (Thus, if
the nullspace contains only 0, then L is injective).

PROOF: Say there were two solution X; and Xo. Then LX; =Y and LXs =Y, which
implies L(Xo— X1) =LXo— LX; =Y —Y =0. Therefore (X — X;) € N(L). Since the
only element of N(L) is 0, X9 — X; =0, or, X; = X5. In other words, the two solutions
are the same.

EXAMPLE: 2 Let L: C? — C be defined on functions u € C? by
Lu: = a(x)u” + b(z)u’ + c(z)u.

The nullspace of L consists of all solutions of the homogeneous equation Lu = 0. It
turns out (see chapter 6) - as in the constant coefficient case - that every solution of this
homogeneous O.D.E. has the form v = Au; + Bua, where u; and wuy are any two linearly
independent solutions of the equation, and where A and B are constants. Thus N(L)
is a two dimensional space spanned by u; and wus. If u; is a particular solution of the
inhomogeneous equation Luy = f, then all the solutions of Lu = f are just the elements
of the uy coset of N(L), that is, functions of the form u = @ 4 u; , where @ € N(L).

With every linear operator L: V; — Vo, Vi = D(L), we have associated two other
linear spaces, the nullspace N(L) C D(L) =V} and range R(L) C V. There is a valuable
and elegant way to connect D(L), N(L) and R(L). The result we are aiming at is certainly
the most important theorem of this section.

We know that R(L) C Va. The space Vo may be of arbitrarily high dimension.
However, since R(L) is the image of D(L), we suspect that R(L) can take up “no more
room” then D(L). To be more precise,

dimR(L) < dimD(L).

Thus, for example, if L: R? — R!7, we expect that the range of L is a subspace of
dimension no more than two in R'7. Not only is this a justifiable expectation, but even
more is true.

If Dim R(L) =Dim D(L), essentially all of D(L) is carried over under the mapping.
But if Dim R(L) < Dim D(L), what has happened to the remainder of D(L)? Let us
look at N(L) € D(L). The elements of N(L) are all squashed into the zero element of
Vo . In other words, a set of dim N(L) in V4 = D(L) is mapped into a set of dimension
zero in Va. Does L decompose D(L)+V; into two parts, N(L) and a complement N(L)’
such that L maps N(L) into zero and the dimension of the remainder, N(L), is preserved
under L (so dim N(L)' = dimR(L)). Of course,

| A FIGURE GOES HERE |
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Theorem 4.11 . Let the linear operator L map Vi = D(L) into Vo . If D(L) has finite
dimension, then
dimD(L) = dimR(L) + dim N(L).

ProoOF: Let N(L)" be a complement of N(L) (cf. pp. 163a-d). Since dimN(L) +
dimN(L)" = dim D(L), it is sufficient to prove that dimN(L)" = dimR(L).

For X € V;, we can write X = X; + X5, where X; € N(L) and X, € N(L)'. Now
LX = LX;+ LX5, so the image of D(L) is the same as the image of N(L)". In addition, if
X2 € N(L)", then LX9 =0 if and only if X9 =0, merely because N(L)" is a complement
of the nullspace. Let {01, ...,0r } beabasis for N(L'). If Xy € N(L)", we can write Xy =

Zaj i, and LXg = ZajLHj . Let LO; =Y1, LOs = Yo, ..., LO; = Y3 . Since the image
j=1 j=1
of N(L) is R(L), the vectors Yi,...,Y; span R(L). Thus, dimR(L) < k = dimN(L)".
To show that there is equality, dimR(L) = dimN(L)", we prove that Yi,...,Y; are
linearly independent. If ;Y7 + -+ ¢t Yy =0, then 0 = c1 L6y + -+ + cx LOx = L(c1601 +
-+ cxbr) = LX where & = 101 + --- + cxbp € N(L)'. However for any X € N(L)',
we know Lz = 0 implies that X = 0. The linear independence of 6i,...,6; further
shows that ¢ = co = --- = ¢; = 0. The hypothesis ¢1Y7 + -+ + ¢ Yr = 0 has led us to
conclude that the c;’s are all zero, that is, the Y;’s are linearly independent. Therefore
dimR(L) = dimN(L)". Coupled with our first relationship, this proves the result.

Corollary 4.12 : dimR(L) < dimD(L).

PrOOF: dimN(L) > 0.
Two examples, one an illustration, the other an application.

ExaMpLE: 1 Consider a projection operator, P4, mapping vectors from E™ into a subspace
A of E", where the dim A = m < n. Let us first show that P4 is a linear operator. If
€1,...emy is an orthonormal basis for A, then for any X and Y in E",

m m
WX +Y) =D (X +Y, exer = Y (X, ex) + (Y, ex))ex
k=1 k=1

m m
= Z<X7 er)ex + Z<Y, ep)er, = PaX + PaY.
k=1 k=1

Similarly, P4s(aX) = aP4X for every scalar a. Thus the projection operator is a linear
operator. Since R(P4) = A and dim A = m, while dimE” = n, we conclude that
dimN(P4) = n —m. This could have been arrived at immediately since P4 will certainly
map everything perpendicular to A, that is Al into 0 (see fig. illustrating the case
E? — A, where A is a line). Thus N(P4) + A+, so dimN(P4) = dim At =n —m.

EXAMPLE: 2 Define L: R® — R* by,
LX = (a11x1 + ajoxa + - - + 1 &, 2121 + -+ + AQ2p T, -+ ¢, QL1 + Qf2X2 + -+ - + QgpTn)

where X = (z1,22,...2,) €R". If welet Y = (y1,...,yx) € R¥, then writing ¥ = LX,
the linear operator L may be defined by the k& equations (for yi,...,yx ) in n “unknowns”
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(1,...,Tp),

a11r1 + a2 + -+ + A1pTn = Y1

2121 + a22T2 + -+ + A2 Ty = Y2

ap1T1 + apa2 + - - + ApnTn = Yi-

The problem of solving LX =Y |, where Y is given, is that of solving k equations with n
“unknowns”.

Consider the special case k < n, when there are less equations than unknowns. Since
the range of L is contained in R¥, R(L) C R¥, then dimR(L) < dimR* = k. Because
D(L) =R", we also know that dimD(L) = dimR" = n. Thus

dimN(L) = dimD(L) — dimR(L) > n — k > 0.

However if dimN(L) > 0, then N(L) must contain something other than zero. Thus there
is at least one non-trivial solution X of the homogeneous equation, LX =0. Since aX is
also a solution, where a is any scalar, there are, in fact an infinite number of solutions.

Notice that the above was a non-constructive existence theorem. We proved that a
solution does exist but never gave a recipe to obtain it. One consequence of this result is
that, if dimN(L) > 0, and if a solution of the inhomogeneous equation LX =Y exists, it
is not unique; for if LX; =Y , then also L(X; + X') =Y, where X is any solution of the
homogeneous equation.

In the special case n = k, and dimN(L) = 0 a fascinating (and non-constructive)
theorem falls out of Theorem 11: the inhomogeneous equation LX =Y always has a
solution and the solution is unique. Put in more conventional terms, if there are the same
number of equations as unknowns, and if the only solution of the homogeneous equation
is zero, then the inhomogeneous equation always has a unique solution. Thus, if n =k,
uniqueness implies existence.

Since dimN(L) = 0, then dimR(L) = dimD(L) = n. However L: R” — R™ in this
case (n=Fk). Since R(L) C R" and dimR(L) = n, we see that R(L) must be all of R",
that is, every Y € R" is in the range of L, which means that the inhomogeneous equation
LX =Y is solvable for every Y € R™. Theorem 10 gives the uniqueness. We shall obtain
a better theorem later.

REMARK: Some people refer to dimR(L) as the rank of the linear operator L. We shall,
however, refer to it as the dimension of the range of L.

If Li:Vi — Vo and Lo: Vo — V3, it is easy to make a few statements about

dim R(LyLy) .

Theorem 4.13 . If Li: Vi — Vo and Lo: V3 — Vi, when Vo C Vi, (so LaoLy ) is
defined), then
dimR(LyL;) < min(dim R(Ly), dim R(Ls)).

PRroOOF: The last corollary states that an operator is like a funnel with respect to dimension:
the dimension can only get smaller or remain the same. After passing through two funnels,
we obtain no more than the smallest allowed through. One might think that there should be
equality in the formula. That this is not the case can be seen from the possibility illustrated
in the figure. Only the shaded stuff gets through.
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Exercises
(1) Let L: R™ — R" be defined by
LX = (x1,29,...,2%, 0,...,0),

where X = (z1,%2,...2,) € R". Describe R(L) and N(L). Compute dim®R(L)
and dimN(L).

(2) (a) Describe the range and nullspace of the linear operator L: R3 — R? defined by
LX = (x1 + o — w3, 201 — 22 + x3, x2 — x3), X = (21, 22,23) € R3.

(b) Compute dimR(L) and dimN(L).
(¢) Is (1,2,0) e R(L)? Is (1,2,1) e N(L)?
Is (1,2,2) e N(L)? Is (0,—1,—1) e N(L)?

(3) Let A = {u € C?0,2]: u(0) = u(l) = 0}, and define L: A — C[0,1] by Lu =
u” +b(x)u’ —u, where b(x) is some continuous function. Prove N(L) = 0. [HINT: If
u € N(L), can u have a positive maximum or negative minimum?]

(4) Consider the linear operator L: C[0,1] — C]0,1] defined by

(Lu)(z) = u(z) + 2 /0 emtu(t) dt

(a) Find the nullspace of L.
(b) Solve Lu = 3e”. Is the solution unique?

(c) Show that the unique solution of Lu = f, where f € C[0,1] is

u(x) = f(x) — ce®, where ¢ = ;/1 e tf(t)dt.

0

(5) Let L: V —V (so L* is defined for k =0,1,2...). Prove that

(a) R(L) c N(L) if and only if L2 =0.
(b) N(L) C N(L?*) C N(L3) C ...
(c) N(LY DN(L?) D N(L3) ...

(6) If Li: Vi — Vo and Lo: V3 — Vj where Vi C V3, Theorem 12 gives an upper bound
for dimR(LaLq) .

(a) Prove the corresponding lower bound

[HINT: Prove the equivalent inequality dimR(L1) < dimR(LgL1) + dimN(Ls)
by letting V' = R(L;) and applying Theorem 11 to Lo defined on V'].
(b) Prove: if dimN(Lg) =0, then
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(c) If dimN(L;) = 0, is it then true that dimR(LyL;) = dimR(Ly)? Proof or
counterexample.

(d) If dimV; =dim Vs =dim V3 and dimN(L;) =0, is it true that dimR(La2L1) =
dim R(Ly) ? Proof or counterexample.

(7) If Ly and Lo both map Vi — Vi, prove

|dim R(Ly) — dim R(Ls)| < dim R(Ly + Lo).

(8) Consider the operator L: C2[0,00) — C[0,00) defined by
Lu: =u" + 3u + 2u.

(a) Describe N(L). What is dimN(L)? Is f(z) =sinz € R(L)?

(b) Consider the same operator L but mapping A into C[0,00], where A = {u €
C?[0,00): u(0) +/(0) =0} . Answer the same questions as part a).

(c) Same as b but A= {u € C?[0,00): u(l) +u'(1) =0} this time.

4.4 L:r! — r". Parametrized Straight Lines.

Our study of particular linear operators begins with the most simple case: a linear operator
which maps a one- dimensional space R! into an n dimensional space R™. Since the
dimension of the range of L is no greater than that of the domain R! and dimR! =1,
then

dimR(L) < 1.

This proves
REMARK: If L: R' — R", then the dimension of the range of L is either one or zero.

The case dim R(L) = 0 is trivial, for then L must map all of R! into a single point, and
that single point must be the origin since the range of L is a subspace. Thus, if dimR(L) =
0, then L maps every point into 0. Without change, the same holds if L: V; — V5 (where
Vi and V;, are any linear spaces) and dimR(L) = 0. Not very profound.

If dimR(L) =1, then the subspace R(L) in R" is a one dimensional subspace in the
n dimensional space R™, thisis, R(L) is a “straight line” through the origin of R™. This
straight line is determined if any one point P # 0 on it is known. Then there is a point
X1 € R! such that LX; = P. Since R! is one dimensional it is spanned by any element
other than zero, so every X € R! can be written as X = sX;. Therefore, if X is any
element of R!,

LX = L(sX,) =sLX; =tP.

In other words, this last equation states that the range of L is a multiple of a particular
vector P, that is, a straight line through the origin.

EXAMPLE:
If L: R' — R? such that the point X; = 2 € R! is mapped into the point P =
(1,-2) € R?, then
L: X =52 —(s,—2s),

In particular, the point X = 3(s = %) is mapped into the point (%, -3).
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| A FIGURE GOES HERE |

In applications, the domain R' usually represents time, while the range represents the
position of a particle. Then L:R! — R™ is an operator which specifies the position of a
particle at a given time. Since L is linear and L0 = 0, the path of the particle must be
a straight line which passes through the origin at ¢ = 0. Later on in this section we shall
show how to treat the situation of a straight line not through the origin, while in Chapter
7 we shall examine curved paths (non-linear operators).

ExXAMPLE: This is the same example as before. L: R! — R? is such that at time ¢t = 2 € R!
a particle is at the point (1,—2) (while at ¢ = 0 it is at the origin). At any time ¢ = s2,
the particle is at (s, —2s). In particular, at ¢ = 3(s = 2), the particle is at (3, —3). It is
also convenient to rewrite the position (s, —2s) directly in terms of the time. Since t = 2s,
the position at time ¢ is (4, —t). Thus we can write

t
L: t— (5, —t),

which clearly indicates the position at a given time. If a point in the space R? is specified
by Y = (y1,y2) € R?, then the operator can be written as

1
3/1:§7f

Y2 = —t.

All of these are useful ways to write the operator L. In some situations, one might be more
useful than another.

This brings us to an issue which perhaps seems a bit pedantic but can serve you well
in times of need. How can we represent the operator in a picture? There are three distinct
ways. Some clarity can be gained by distinguishing them carefully. The same ideas carry
over immediately to nonlinear operators.

Our first picture has two parts. If L: R! — R™, then the first part is a diagram of R!,
the second part a diagram of R™, and between them are arrows to indicate the image of
each point in R!. The picture below the first example was of this type. All of the arrows
get in the way, so a more convenient picture is needed. That comes next.

The second picture is the graph of an operator L. The graph L:R' — R™ is the set
of points (X, LX) in the Cartesian product space R! x R". Thus, if V! is time, and R"
space with L assigning a position to every time, then the points on the graph are points
in time - space (X,LX). For the previous example, these are the points (¢, (%, —t)) in
R! x R?, a straight line in time-space ( or space-time if you prefer). To each time, there
is a unique point in space. In a sense, this second picture, the graph, associated with an
operator results from gluing together the two pieces of the first picture. By using the graph
of an operator, we avoid the arrow mess of the first picture.

The third picture just indicates the range of an operator (when thinking of pictures,
the range is often referred to as the path of the operator). In terms of the time- position
example, this picture only shows the path of a particle in space and ignores when a particle
had a given position. Thus, this picture is the second half of the first picture. From our
physical interpretation, it is clear that two different operators might have the same path (for
two particles could travel the same path without having the same position at every time).
Thus, this picture is an incomplete representation of an operator.
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ExaMmpLE: If L:R! — R? such that the point X; = 1 € R! is mapped into the point
P = (1,-2) € R?, then )
L:X=s5-1—(s,—2s).

In particular, the point X = 3(s = 3) is mapped into the point (3, —6). The graph of L
is the set of points (s, s, —2s), which is a straight line in R' x R?. Compare this with the
operator L considered previously (we remind you that L: X = 2s — (s, —2s)). The graph
of L was the set of point (2s,s,—2s) . These two sets of points the graphs of L and L,
respectively, do not coincide since the operators are the same. On the other hand, the path
of L is the set of points (s, —2s), which is exactly the same set of points as the path of
L . Shortly, we shall ask the question, how can we describe a straight line in R"™ ? One way
is to find an operator whose path is that straight line. Since many operators have the same
path, there will be many possible ways to describe the straight line. All we need do is pick
one, any one will do.

Let L: R' — R™ and Y; be some fixed point in R™. Consider the operator MX :=
LX +Yy. Since MO = L0+ Yy = Yy # 0, we see that M is not a linear operator; it is
called an affine operator or affine mapping. The range of M is the subspace translated by
the vector Yj, a straight line which does not necessarily pass through the origin ( it will if
and only if Yy € R(L)). In other words, R(M) is the Yy coset of the subspace R(L) .

EXAMPLE: Take L to be the same as before, so L: X = 2s — (s, —2s) or L(2s) = (s, —2s).
Let Yp = (—3,2). Then MX :=LX +Yy = (s,—2s) +(—3,2) = (s — 3, —2s + 2) , where
X = 2s. In particular, M maps the point X =3 € V! (s = %) into (—%, —1) € R?. The
figure shows the path of L and M . Since X = 2s, we can eliminate s from the above

formula and write

MX:(%X—B,—X+2), X e R

If we denote by Y = (y1,92) a general point in R? | then M may be written in the standard
form

1

y—2=—-X+2.

Of course, one could eliminate X from these too and be left with 2y; +y» = —4, which is
the equation of the path and could come from any mapping with the same path.

It is instructive to investigate the reverse question, given two points P and @ in R",
find an equation for the straight line passing through them. Any mapping whose path is
the desired line will do. We have learned that M X = LX + Y is the general equation
of a straight line through Y. There is complete freedom in specifying which points are
mapped into P and @, so we would be foolish not to pick the most simple case. Let
M:0— P and M:1 — Q. Then P = M(0) = L(0) + Yo = Yy, so Yy = P, and
Q=MQ1)=L(1)+Yy=L(1)+P,s0o L:1 — P — Q. This completely determines M
(since L is determined once the image of one point is known, L: 1 — P — @, and the
vector Yy is also determined, Yy = P).

ExampPLE: Find an equation for the straight line passing through the two points P =
(1,2,-3,-4), Q = (—1,3,2,—2) in R*. Say P is the image of 0 and @ is the image of
1,0 M:0 — P and M:1 — @. Then since MX = LX +Yy = P = M(0) =Yp so
Yo=(1,2,-3,—-4). Also Q=L(1)+Yy= L(1) =Q—-Yy=Q—P =(-2,1,5,2) . Because
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every X € R! can be written as X = s-1= LX = L(s-1) = sL(1) = 5(-2,1,5,2), or
LX = (—2s,5,55,25), where X =s-1 € R!. Thus MX = LX + Yy = (—2s,5,5s,25) +
(17 27 _37 _4) , OT

MX = (254 1,5 +2,55 — 3,25 — 4), where X = s- € RL.

If we use Y = (y1,%2,¥3,y4) to indicate a general point in R*, then M: R! — R* can be
written as four equations.

Yy =—2s+1
Yy2=5+2
ys =5s—3
Yys =25 —4

where X = s-1 € R'. For example, the image of X = 2(s = 2) in R! is the point
Y = (-3,4,7,4) € R*.

The discussion before the example contained most of the proof of Theorem 13. Let P
and () be two points in R™. Then the affine mapping

MX =P+s(Q—P),
has as its path the straight line passing through P and Q.

REMARK: 1 The affine mapping MX = P + ks(Q — P), where k # 0 is some constant,
has the same path too. The only change is that while M:0 — P and M:1 — @ this
mapping M: 0 — P and M: ks — Q. In other words for M we have chosen to take ks
(not s) as the pre-image of @ . This pre-image of @) was entirely arbitrary anyway.
REMARK: 2 The equation MX = P+ s(Q — P) of M:R! — R" where X =s-1¢€R!
is called a parametric equation of the straight line which passes through P and @ in
R™, and s is called the parameter. Other parametric equations of the same line arise if
X =ks-1€R! (cf. Remark 1), where k is some non-zero constant.

In order to introduce the slope of a straight line, let us paraphrase the last few para-
graphs in terms of particle motion. If P and @ are two points in R"™, then Mt =
P+t(@Q—P) M:R! — R", where t € R! describes the position of the particle at time
t. At t = 0 the particle is at P, while at ¢ = 1 the particle is at ). Another particle
moving k times as fast has the position Mt = P + kt(Q — P). This other particle is also
at P when t =0, but takes time t = % to reach the point @ . It still has the same path
as the first particle. If we denote by Y = (y1,¥2,...,¥,) an arbitrary point in R"™, then
the position Y at time ¢ is

y1 = p1 + kt(q1 — p1)

Y2 = p2 + kt(q2 — p2)
Yn = Pn + kt(Qn - pn)'

Now consider the mapping Mt = P + kt(Q — P). The derivative at t =t; is

dM _ M(ta) — M(ty)

e = l1im
dt ‘t:tl to—t1 to — 1
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It represents the velocity at ¢ = ¢; . To have this make sense, we must introduce a norm
in R™ so that the limit can be defined. Use the Euclidean norm (although any other one
could be used, for it turns out that there is no need for a limit in the case of a straight line).
Since M (t2) — M(t1) = P+ kt2(Q — P) — [P + kt1(Q — P)] = k(t2 — t1)(Q — P) , we have

M(tg) — M(t1) _ I

— @-P),
SO dM
S =kQ-P).

Because this is independent of ¢, it is the derivative at any time ¢. Thus, the derivative is
a vector, k(Q — P). The derivative represents the velocity of a particle moving on the line.
The speed is the length of the velocity vector, speed = ||k(Q — P)||. What is the slope of
the line? Since the line is the path of a mapping, it should not depend on which mapping
is used. In terms of mechanics, the slope should not depend on the speed of the particle
moving along the line, but only that it moved along the straight line, that is its velocity
vector was along the line. Thus we define the slope as a unit vector in the direction of the
velocity. In our case, slope = Q — P/||Q — P||. This is a unit vector from P to ¢ and
only depends upon the mapping to specify a positive direction (orientation) for the line.

EXAMPLE: A particle moves on a straight line from P = (1,—2,1) at t = 0 to Q =
(3,1,—5) at t = 2. Find the position of the particle as a function of time, the velocity and
speed of the particle, and slope of the path.

The equation of the path is Mt = P + kt(Q — P), where k is determined from
Q= M2) = P+2k(Q—P),so k=14%. Thus M(t) = (1,-2,1) + 3£(2,3,-6) =
(I+1¢,2+ %t, 1 —3t). Velocity = %(Q - P)=(1, %, —3). Speed = ||velocity|| = % . Slope
= velocity /speed = (2,2,-9).

A glance at the formulas which precede the example reveals that the position of a
particle which moves along a straight line through P can be written in any of the forms

1. M(t)=P+kt(Q— P).
where (Q is another point on the path and the particle is at () when ¢t = % ,

dM
2. M(t)=P+—t
() =P+

or

3. M(t)=P+Vt,

where V' is the velocity. See Exercise 5 too.

Exercises
(1) (a) If L: R' — R? such that the point X; = 3 € R! is mapped into P = (1,0),
which of the following points are in R(L) i) (2,0),ii) (1,2),iii) (—1,0)?
(b) Sketch two pictures, one of the graph of L, the other of the path of L.
(¢) Find another operator L: R! — R? whose path is the same as that for L .
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(2) Find a mapping whose path is the straight line passing through the points (2, —1,3)
and (1,—3,—5). Find its slope too.

(3) If a point is at (1,—1,0) at ¢ =0 and at (2,3,8) at ¢ = 3, find the position as a
function of time if the particle moves along a straight line. What is the velocity and

speed of the particle?

(4) If a particle is initially at (0,1,0,1) and has constant velocity (1,—2,3,—1), find its
position as a function of time. Where is it at ¢t =37

(5) A particle moves along a straight line in such a way that at t =to it is at P, while
at t=1t; itisat Q.

(a) Show that its position M(t) as a function of time is

-p
t — to

O

M(t) = P+ (t —to)

(b) What is the velocity?
(c) Show that

dM
M (t) = M(to) + ﬁ(t — to).
(6) Two straight lines are parallel if they have the same slope. If M (t) = P+t(Q — P) is

a parametric equation of one line, find an equation for the parallel line which passes
through the point P.

4.5 L:r" —r'. Hyperplanes.

Whereas in the previous section we examined linear mappings from a one-dimensional linear
space into an n dimensional space, now we shall look at the opposite extreme, linear
mappings from an n dimensional space into a one- dimensional space.

Let L: R® — R!'. We would like to find a representation theorem for this linear
operator. The most natural way to do this is to work with a basis {ej,...,e,} for R".

n
Then every X € R"™ can be written as X = Zxkek . Consequently,
1

LX =1L (i a:kek) = i L(ackek) = il’k[x(ek).

It is clear that LX is determined once we know all the numbers Lej . In other words, the

linear mapping L is determined by the effect of the mapping on a basis for the domain of
the operator. This proves

Theorem 4.14 . Let L: R" — R! linearly. If {ey} is a basis for the domain of L, R™,
then

n
LX =a1x1 + asxs + ...+ apnty = Zakxk,
k=a
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n
where X = Zka@k and ay = Ley, . Notice that the ay are scalars since they are in the

1
range of L —and the range of L is RY by hypothesis.

EXAMPLES:

(1) Consider the linear operator L: R?* — R, which maps L: e; = (1,0,0) — 1, L: eg =
(0,1,0) — 0, and L: e3 = (0,0,1) — 0. Since the e; constitute a basis for R?, the
mapping L is completely determined by using Theorem 14. If X = (x1,22,73) € R?,
then X = z1e1 + x9es + x3e3. Thus

LX = x1Ley +x9Ley + x3Lles = x1 — xo

or
LX = X.

For example, L: (2,1,7) — 2. The nullspace of L —those points X € R? such that
LX = 0—are the points X = (x1,22,23) € R® such that x; = 0 which is the zoz3
plane.

(2) Let L: R* — R! such that Le; = 1, Ley = —2, Les = 5, Les = —3, where
e1 = (1,0,0,0), es = etc. Then if X = (21,22, 73,24) € R*, we have

LX =21 —2x9 4+ 5x3 — 324.

The nullspace of L is again a hyperplane, the hyperplane x; — 2x5 + 523 — 34 =0
in R*.

So far we have not given any attention to the range of L, all of our pictures being in the
domain of L. Since the range is R!, its picture is a simple straight line which is not very
interesting. However the graph of L is interesting. Let L: R® — R! and Y = (y) € R!.
Then

Y=0a121+ ...+ apTn.

The graph of L is the set of points (X, LX) [or (X,Y) where Y = LX]in R" x R! &
R A point (X,Y) = (21,...,2Zn,y) € R” x R! is on the graph if the coordinates satisfy
the equation y = ajx1 + ... + anx, . This equation can be written as 0 = a1x1 + ... +
anZn + (—1)y which is a hyperplane in R"*1 .

Thus we have found two ways to associate a hyperplane with L: R® — R!,

i) All X such that LX = 0, which is the nullspace of L, a linear space of dimension
n—1 (since dimN(L) =dimD(L) —dimR(L) =n—1).

ii) The graph of L, that is, all points of the form (X, LX), is a linear space of dimension
n+1.
Although this is confusing, both ways are used in practice, whichever is most convenient
for the problem at hand. For the remainder of this section, we shall confine our attention
to hyperplanes defined in the first way.

Since linear mappings L: R® — R! all have the foom LX = ajz1 + ...+ anz,, and
since it is natural to think of the sum as the scalar product of the vectors N = (a,...,ay)
and X = (z1,...,2,). Theorem 14 may be rephrased as

Theorem 4.15 . If L: R" — R!, then LX = (N, X), where N is the vector N =
(Lei,...,Ley) and {er} form a basis for R™.
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REMARK: The vector N is an element of the so-called dual space of R™. From the above,
it is clear that the dual space of R™ also has dimension n.

Theorem 14’ is a “representation theorem”. It states that every linear mapping L: R"™ —jJ]
R! may be represented in the form LX := (N, X) for some vector N which depends on
L. You may wish to think of N as a vector perpendicular to the hyperplane LX =0 (cf.
Ex. 8, p. 225).

ExAaMPLE: Consider the operator L of Example 2 in this section. For it, LX = (N, X)
where N is the particular vector N = (1,-2,5,3).

Recall that a linear functional is a linear operator | whose range is R'. Since the
operators L: R" — R! we are considering have range R!, they are all linear functionals.
We may again rephrase Theorem 14 in this language. It states that every linear functional
defined on R™ may be represented in the form [(X) = (N, X), where N depends on the
functional [ at hand. This is just a restatement of Theorem 14 with the realization that
our L’s are linear functionals. Don’t let the excess language bewilder you.

So far in this section, we have concentrated our attention on the algebraic representation
of a linear operator (functional) L: R™ — R!. Let us turn to geometry for a bit. In passing
we observed that the nullspace of the operator was a hyperplane in the domain of L (a
hyperplane in a linear space V is a “flat” subset of V' whose dimension is one less than V',
that is, of codimension one). These hyperplanes, { X € R": LX =0}, all passed through
the origin of R™. A plane parallel to this one which passes through the particular point
X% € R™ has the form

L(X - X% =0.
It is clear that the point X = X° does satisfy the equation. From the representation
theorem,

L(X — X°) = a1 (z1 — 2Y) + ag(wa — 29) + ... + an(wn — 23) = 0,

n

is the equation of this hyperplane, where X = (z1,29,...,7,) and X? = (29,29,...,29).
If we again write N = (aj,a2,...,a,), then the equation of the hyperplane is

(N, X - X% =0,
all vectors X such that X — X is perpendicular to N .

EXAMPLES:

(1) Find the equation of a plane which passes through the point X° = (1,2, —5) and is
parallel to the plane —2z1 + 7xo + 423 =0.

Solution: Here N = (—2,7,4), X = (x1,x2,23), so the plane has the equation
0= (N, X — X% = —2(z; — 1) + 7(x2 — 2) + 4(z3 + 5),
which may be written as
—2x1 + Txg + 423 = —8.
The equation has been cooked up so that X° = (1,2, —5) does satisfy it.
(2) Find the equation of a plane which passes through the point X° = (1,2, —5) and is
parallel to the plane —2x1 4+ 7Txo 4+ 423 = 37.

Solution: Since this plane is also parallel to the plane —2x1 + 7z + 423 = 0, the
solution is that of Example 1.
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Find the equation of the plane in R* which is perpendicular to the vector N =
(1,-2,3,1) and passes through the point X° = (1,0,1,—1). Easy. The plane is all
points X such that

(N, X — X% =0,

that is
(1 —1) —2(x2 —0)+3(xzg — 1)+ (z4+ 1) =0,

or
r1 — 229 + 3x3 + x4 = 3.

Find the equation of the plane in R3 which passes through the three points
X1 =(7,0,0, X?=(1,0,-2), X*>=(0,51).
We shall find this by using the general equation of a plane,
ay(zy — 29) + ag(x2 — 29) 4 az(zz — 29) = 0.

Here X© = (29,29, 29) is a particular point on the plane. We may use any of X1, X2
or X3 for it. Since X' is simplest, we take X? = (7,0,0). All that remains is to
find the coefficients a1, a9, and a3 in

ai(z1 —7) + agxe + a + 33 = 0.

Since X2 and X? are in the plane (and so must satisfy its equation), the substitution
X = X2 and X = X3 yields two equations for the coefficients,

a1(1 — 7) + a90 + ag(—2) =0
al(O — 7) + (12(5) + a3(1) =0.

These two equations in three unknowns may be solved for any two in terms of the
third. We find a3 = —3a; and a2 = 2a;, so the equation is

ai (:L'1 — 7) + 2a1z2 — 3a1x3 = 0.
Factoring out the coefficient a; , we obtain the desired equation
1 — 7+ 2x9 — 323 =0.

(It is clear from the general equation of a plane that the coefficients are determined
only to within a constant multiple).

Exercises

(1)

Let L: R?> — R! map
L:(1,0)—3, L:(0,1) — —2.

Write LX in the form Lz = ajx; + asxy. L: (7,3) =7
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(2) Let L:R* — R! map
L:(2,1)—1, L:(0,3) — —2.

Write LX in the form LX = ajzy +agxy. L: (7,3) — 7

(3) Find the equation of a plane in R? which passes through the point (3, —1,2) and is
parallel to the plane 1 — a9 — 223 =7.

(4) Find the equation of a plane in R which is perpendicular to the vector N =
(6,2,—3,1,—1) and contains the point (1,1,1,1,4).

(5) Find the equation of a plane in R* which contains the four points X; = (2,0,0,0),
X, = (1,0,2,0), X3=(0,-1,0,—1), X4 =(3,0,1,1).

(6) In this problem, you will have to use the norm induced by the scalar product.
a). Show that the distance between the point Y € R™ and the plane A = {X €
R": (N, X — X0 =0} is

‘<N7 Y — X0> ‘

WA=

b). Prove that the distance between the parallel planes A = { X € R®: (N, X - X1!) =
0} and B={X €R": (N, X —X?) =0} is

[(N, X% - X1)|
1Vl

d(A,B) =



Chapter 5

Matrices and the Matrix
Representation of a Linear
Operator

5.1 L:r™ — Rr".

The simplest example of a linear operator L which maps R™ into R" is supplied by n
linear algebraic equations with m variables. Let X = (x1,...,2,,) € R™. Then we define

a11x1 + a2 + - - + A1mTm

a21T1 + a22x2 + -+ - - + A2mTm

LX = (5-1)

Notice the right side of this equation is a (column) vector with n components. If we let
Y = (y1,...,yn), then the equation LX =Y or

m
E Qi L5 = Yi, 2':1,2,...,71,
j=1

determines a vector Y in R™ for every X in R™. Since the operator L is essentially

specified by the coefficients a11, @19, ..., anm , it is convenient to represent it by the notation
aix a2 - A
a1 Qg - A2
L= o,
Qpl  an2 Anm

and use the notation

ai;p a2 - Quu T
a a s a A
(079 Anm Tm

The ordered array of m x n coefficients is called a matriz associated with L, and the
numbers a;; are called the elements of the matrix. The first index 4 refers to the row while

187
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the second index j refers to the column. We may also write L = ((ai;)) as a shorthand
to refer to the whole matrix. Since we shall only use linear operators in this chapter it
is convenient to drop the letter L for the operator and use A = ((a;j)) instead. This
will facilitate the notation when referring to other matrices B = ((b;,), etc. since there
will be enough subscripts without adding to the confusion by using L1, Lo, etc. for linear
operators.

In this section we shall work out the meaning of operator algebra applied to the special
case of operators L: R™ — R™ which are represented by matrices. It turns out that every
operator L: R™ — R™ can be represented by a matrix (proved later in this very section).

Let us first i) define equality, ii) exhibit the matrices for the zero operator O(X) =0
(additive identity). If A = ((as;)) and B = ((b;;)) both map R™ — R™, then by definition,
A =B if and only if AX = BX for every X € R™, that is, for all X = (z1,22,...,2m),

ai1T1 + appx2 + -+ G Tm = by + -+ b, 1=1,2,...,n
or

m m
E AijT5 = E bijl’j, iIl,Q,...,TL.
J=1 J=1

Subtracting, we find that

m
Z(az‘j—bz‘j)ijO, i=1,2,...,n
j=1
must hold for any choice of X = (x1,z2,...,2,;). From the particular choice X =

(1,0,0,...0), we see that
ail—bﬂ:O, i:1,2,...,n,

that is,
a1l = 511, ag1 = b21, ey Qpl = bnl-

Similarly, by using other vectors X , we conclude

Theorem 5.1 1 (EQUALITY). If A = ((ai;)) and B = ((b;;)) both map R™ — R™, then
A = B if and only if the corresponding elements of their matrices are equal,

aij:bij, i:1,2,...7n, j:1,2,...,m.

It is clear that the n x m matrix all of whose elements are zero

00 - 0
0:00 0
0 0 - 0

has the property that it maps every X € R™ into zero, and thus satisfies the conditions for
the zero matrix. That this is the only such matrix follows from Theorem 1, since any other
matrix which acts the same way on every vector X € R™ must have the same elements -
all zeroes.
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Theorem 5.2 2. The ZERO MATRIX 0: R™ — R" is uniquely represented by a matriz with
n rows and m columns, all of whose elements are zero.

How is the identity matrix I defined? Since I: R™ — R™ maps every vector into
itself, X = X, the linear equations (1) must have the property that given any vector
X = (x1,29,...,2,) € R™, then

n
E (52']'1']':.%'@', z:1,2,...,n
J=1

If a;; = 6;; (the Kronecker delta), so a11 = azp = -+ = ap, = 1 while a;; =0, i#j,
then indeed

n
E 0ijx; = T4, 1=1,2,...n
j=1

is satisfied. Thus, the coefficients of the identity matrix are I = ((d;;)). This is a square
(n®m) matrix,

10 - 0
I:Ol. 0
0 0 - 1

with ones along the main diagonal and zeroes elsewhere.

Theorem 5.3 3. The IDENTITY MATRIX I:R"™ — R" s uniquely represented by a square
(n x n) matriz whose elements are I = ((6;5)) -

We turn to addition. Let A = ((ai;)) and B = ((b;j)) be two n x m matrices, so they
both represent operators mapping R™ into R™. Their sum C = A 4+ B is defined as the
operator which acts upon X according to the rule (p. 268)

CX = AX + BX, X eR™

The elements c¢;; of the matrix C' consequently satisfy

m m m
E Cijxy = E a;;rj + E bijx;, 7=1,2,...,n.
j=1 7j=1 j=m

or
m
:Z(aij+bij)$ja j:1,2,...,n
j=1

for all X = (z1,2,...,2y). Thus, the ¢;; are in fact a;; + b;; (by Theorem 1)

Theorem 5.4 4. If A= ((ai;)) and B = ((b;;)) both map R™ into R™, then their sum
C = A+ B has elements

Cij = Q45 + bij.
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REMARK: From this it follows that the zero matrix is actually the additive identity, for if
A = ((ai;)), then C = A+ 0 has elements ¢;; = a;; +0=a;;, thatis, A+0=A.

ExXAMPLE: 1 Let A and B which map R?® — R?* be represented by the matrices

-3 0 1 2 2 2
7 2 -1 -3 0 0
A= 5 4 -3 |’ B= -4 -2 2
0 1 1 0 -1 -1
Then
-1 2 3
4 2 -1
A+ B = 1 9 1
0 0 0

EXAMPLE: 2. Let A and B be the operators on p. 268 (called L; and Ly there) which
map R? — R?. Then

1 1 -3 1
A=|1 2|, B= S
0 -1 1 0
SO
—2 2
A+ B= 2 1
1 -1

which agrees with the sum obtained there. ) )
If A = ((aij)), is there a matrix A such that A+ A = 0?7 Clearly the matrix A

defined by A = ((—a;;j)) does the job since

A+ A= ((ay) + ((—aig) = ((0))

by definition of addition. We shall denote the matrix with elements ((—a;;)) by “—A”
since A+ (—A)=0. This matrix “—A” is the additive inverse to A.

ExAMPLE: If

1 -1 -1 1
A= - 2 then — A= T =2
0 -1 0 1

Since a linear operator which is represented by a matrix is still a linear operator,
Theorem 3 (p. 269) certainly holds for matrix addition. We shall rewrite it.

Theorem 5.5 Let A,B,C,... be matrices which map R™ into R™ (so they are n X
m matrices). The set of all such matrices forms an abelian (commutative) group under
addition, that is,

1. A+(B+C)=(A+B)+C

2. A+ B=B+ A

3. A+0=A

4. For every A, there is a matriz (—A ) such that

A+ (—A) =0.
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ProoF: No need to do this again since it was carried out in even greater generality on
p. 270. For practice, you might want to write out the proof in the special case of 2 x 3
matrices and see how much more awkward the formulas become when you use the specific
elements instead of proceeding more abstractly as we did in the proof on p. 270.

If o is a scalar and A = ((a;5)) is an n x m matrix which represents a linear operator
mapping R™ — R", the operator aA is defined by the rule

(dA)X = A(aX)

where X is any vector in R™. In terms of the elements ((a;;)), this means that the
elements ((@;;)) of A are given by

m m
E dijxj == E aij(oz:cj), i:1,2,...,n
j=1

j=1 =
m
:Z(aaij)a:j, 1=1,2,...,n

so aj; = aai; . Thus, the matrix oA is found by multiplying each of the elements of A by

a M
ail ai2 - Alm aal] aaz o Qi
a A21 v aom, _ aag] aagy e aAa9m,
(29 Anm Qlnp] Qpm
EXAMPLE:
7 1 3 -14 -2 -6
1 -2 -1 4 _ 4 2 -8
9 6 5 o —-18 —12 —-10
-3 1 -1 6 -2 2

The following theorem concerns multiplication of matrices by scalars. It is proved either
by direct computation - or more simply by realizing that it is a special case of Exercise 12,
p. 284.

Theorem 5.6 . If A and B are matrices which map R™ — R"™ | and if o, are any
scalars, then

1. a(3A) = (aB)A

2.1-A=A

3. (a+pB)A=aA+ (A

4. a(A+ B) =aA+aB.

REMARK: Theorems 5 and 6 together state that the set of all matrices which map R™ into
R™ forms a linear space. It is easy to show that the dimension of this space is m -n (by
exhibiting m - n linearly independent matrices which span the whole space).

Now we get more algebraic structure and see how to multiply. Let A map R’ into R™
and B = ((b;;)) map R" into R®. By definition of operator multiplication (p. 271-2), the
product AB is defined on an element X € R" = D(B) by the rule

ABX = A(BX).
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Since the vector BX € R® must be fed into A, we find that BX € R™ too. Thus, in
order for the product AB of an n x m matriz A with a s X r matriz B to make sense,
we must have 7 = m, that is, the range of B must be contained in the domain of A,

| A FIGURE GOES HERE |

If C = ((cij)) = AB, then for every X € R"

CX = A(BX)
or
' S r
ZCijZCk:Zaij <Zb3kxk>’ i:1’2’_”7n
k=1 j=1 k=1
SO
T S
= aijbjp | xp, 1=1,2,...,n.
k=1 \j=1

Therefore, the elements c¢;; of the product AB are given by the formula

Since the summation signs have probably overwhelmed you, we repeat it in a special
case. Let B be determined by the linear equations

bi1w1 + biaws + bigws = 11
ba171 + bawa + bogws = Y.
Then B:R? — R%. Also let A: R? — R? be determined by
a11y1 + a12y2 = 21
a21Y1 + G22Y2 = 22.

The product AB maps a vector X € R?® first into ¥ = BX € R? and then into Z =
ABX € R?.

| A FIGURE GOES HERE |

Ordinary substitution yields Z = ABX as a function of X :

ar1(biiz1 + biaxe + bizzs) + arz(ba1x1 + baoxa + ba1x3) = 2

az1(bi1x1 + biawa + bi3ws) + aga(ba1x1 + baoxa + bazxz) = 22,
or

(@11b11 + a12b21)z1 + (a11b12 + a12baz)x2 + (@11b13 + a12b23)z3 = 21

(a21b11 + agba1)z1 + (a21b12 + azbaz)za + (a21b13 + aznbas)rs = 2o.
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If we write this in the matrix form
1
C11 C12 C13 Y A
X9 = s
C21 €22 C23 Z2

c11 = a11bi1 + ai2b21, c12 = a11bi2 + a12b22

we find

etc., just as was dictated by the general formula for the multiplication of matrices.

Theorem 5.7 . If A = ((a;;)) and B = ((b;j)) are matrices with B: R" — R® and
A: R® — R™, then the product C = AB is defined and the elements of the product C =
((¢i5)) are given by the formula

S
k=Y agbjx, i=1,2,...n; k=121
j=a

REMARK: Since this formula for matrix multiplication is impossible to remember as it
stands, it is fortunate that there is an easy way to remember it. We shall work with the
example of matrices A: R? — R? and B: R?> — R? discussed earlier. Then

Ap— [ o a bit bz bz \ _ [ cn c2 s
a1 a2 ba1 bao  ba3 C21 €22 €23
To compute the element c¢;;, we merely observe that

2
Cik, = E aijbjr = aj1big + ai12bay
=1

cik is the scalar product of the ith row in A with the kth column in B (see fig.). Thus,
the element co1 in C' = AB is the scalar product of the 2nd row of A with the 1st column
of B. Do not be embarrassed to use two hands to multiply matrices. Everybody does.

EXAMPLES:

(1) (cf. p. 274 where this was done without matrices). If

=(a ) e=0h)
(2211 )
m-(21)(21)-(7 2)

Notice that even though AB and BA are both defined, we have AB # BA—the
expected noncommutativity in operator multiplication.

then

and
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(2) (cf. p. 272 bottom where this was done without matrices). If

1 -1
A= 0 1], B=(1,2,-1),
-1 -2
then
1 -1
BA=(1,2,-1) 0 11 =(23).
-1 -2

However the product AB does not make sense.

From the general theory of linear operators (Theorem 4, p. 276) we can conclude

Theorem 5.8 . Matriz multiplication is associative, that is, if

rRE A Rl B gm & pr

so the products C(BA) and (CB)A are defined, then
C(BA) = (CB)A.

Thus the parenthesis can be omitted without risking chaos.

REMARK: Returning to linear algebraic equations, you will observe that the matrix
notation AX there [eq(2)] can now be viewed as matrix multiplication of the n x m
matrix A = ((ai;)) with the m x 1 matrix (column vector) X .

In developing the algebra of matrices - and operators in general - we have been ne-
glecting one important issue, that of an inverse operator. If L: V; — V5, can we find
an operator L: Vo — Vi which reverses the effect of L, that is, if LX =Y, where
X €V and Y € Vs, is there an operator L such that LY = X ? If so, then

LLX =LY = X,

and we write
LL=1.

This operator L is the left (multiplicative) inverse of L. Similarly, an operator L
such that LL = I is the right (multiplicative) inverse of L. We shall shortly prove
that if an operator L has both a left inverse L and a right inverse L, then they are
equal, L= fJ, so without ambiguity one can write L~! for the inverse.

| A FIGURE GOES HERE |
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To begin, we compute the inverse of the matrix

a=(5 )

associated with the system of linear equations

d9x1 — 2x9 = Y1

3x1 — w2 = Yo.

These equations specify a mapping from R? into R?. They map a point X into Y .
Finding the inverse of A is equivalent to answering the question, if we are given a point
Y | can we find the X whence it came?

AX =Y, X=A"Y

Finding the X in terms of Y means solving these two equations, a routine task. The

answer is
T1 = —y1 + 22 SO<HC1 ) _ < -1 2)<y1)
x2 = —3y1 + Syo. T2 -3 5 Y2
Thus,
X = A"ly,
where

4 (-1 2
= (232,

The matrix A~! is the matrix inverse to A. It is easy to check that

act= (5 2 (S D)=(50)=1
ata= ()5 )= (0 ) -r

Thus, this matrix A~! is both the right and left inverse of A.
Our second example is of a more geometric nature. We shall consider a matrix R which
represents rotation of a vector in E? through an angle o .

and

| A FIGURE GOES HERE |

R is represented by the matrix (cf. Ex. 13b p. 285)

R— ( C(.)SOA —sina )
sihaw  cosa
It is geometrically clear that in inverse of this operator R is an operator which rotates
through an angle —a, unwinding the effect of R. Thus, immediately from the formula for

R, we find
Rl cos(—a) —sin(—a) | cosa  sina
~ \sin(—a) cos(—a) /] \ —sina cosa )’
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To check that geometry has not deceived us, we should multiply out RR~! and R™'R.
Do it. You will find RR™' = R™'R = I. One could also have found R~! by solving linear
algebraic equations as was done in the first example.

The problem of finding the matrix inverse to any square matrix,

aix; a2 - Aln

az; a2 - a2n
A=

anl1 Aap2 - dpn

is equivalent to the dull problem of solving n linear algebraic equations in n unknowns

anri+ - FapTn =N
a21T1+ -0 Faxp = Y2
ap1x1+ -+ FappTn = Yn

for X in terms of Y, X = A7'Y . For n = 2 the computation is not too grotesque, and
yields the formulas

R G2~ A12
1 7A 1 7A Y2
—a21 aii
xro9 = + —
2 A Y1 A Y1

where A = aj1a22 — aj2a91 (= determinant of A, for those who have seen this before).
From this formula we read off that the inverse of the 2 x 2 matrix

A= ( ail a2 > is A_1:1< a2 —ai2 >
a a2 A\ —a2z1  an
As a check, one computes that
AA Tt =A"tA=1T.

Thus the 2 x 2 matriz A has an inverse if and only if A := aj1a90 — aj2a21 # 0.

| A FIGURE GOES HERE |

Fortunately, one rarely needs the explicit formula for the inverse of a square n x n
matrix other than the reasonable cases n = 2 and n = 3. The inverse of a matrix has
greater conceptual use as the inverse of an operator.

Having relegated the computation of the inverse of a matrix to the future, let us see
what can be said about the inverse without computation. This will necessarily be a bit
more abstract. Since the issues involve solving systems of linear algebraic equations, we
shall invoke the theory concerning that which was developed in Chapter 4 Section 3. For
this discussion, it is convenient to use the following definition (cf. p. 6).

DEFINITION: An operator A: Vi — Vy is inwvertible if it has the two properties

i) If X7 # Xo then AX; # AXy (injective, 1-1)

ii) To every Y € Vh,, there is at least one X € Vi such that AX =Y (surjective,
onto).
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Thus, an operator is invertible if and only if it is bijective. An invertible matrix is usually
called non-singular, while a matrix which is not invertible is called singular.

To show that this definition is identical with the previous one, we must show that every
invertible linear operator A has a right and left inverse. A more pressing matter though,
is

Theorem 5.9 . If the linear operator A: Vi — Vy where Vi and Vy are finite dimen-
stonal, is invertible, then dim Vi, = dim Vs, so a matriz must necessarily be square for an
inverse to exist (but being square is not sufficient, as was seen in the 2 x 2 case where the
additional condition ajjazy — agia12 # 0 we needed). In other words, you haven’t got a
chance to invert a matrix unless it is square, but being square is not enough.

PRrOOF: Condition i) states that N(A) =0, for if X; # 0, then AX; # 0. Therefore
dimR(A) = dimD(A) — dimN(A) = dim V; — 0 = dim V;.

On the other hand, condition ii) states that V5 C R(A). Since A: Vi — V4, we know that
R(A) C V5. Therefore R(A) = Va. Coupled with the first part, we have

dimV; = dim R(A4) = dim V5.

Theorem 5.10 . Given an operator A which is invertible, there is a linear operator A~!

such that AA ' = A 1A=1.

PROOF: If Y € Vs, there is an X € V; such that AX =Y (by property ii), and that X
is unique (property i). Therefore without ambiguity we can define A'Y = X . A similar
process defines the operator A~! for every Y € V5. From our construction, it is clear (or
should be) that

AA Tt =A"tA=1T.

All that remains is to shovy A_1~is lir}ear. If AX = f{ andA AX :~1~/, tAhen since A is hne:;r,
A(aX+bX) = aAX+bAX = aY +bY . Thus A~ (aY +bY) = aX +bX = aA"Y +bA7Y .

REMARK: Glancing over this proof, it should be observed that finite dimensionality (or
even the concept of dimension) never entered - so the result is true for infinite dimensional
spaces. Furthermore, linearity was only used to show that A~! was linear. Thus the
theorem (except for the claim that A~! is linear) is true for nonlinear operators as well.
Needless to say, this construction of A~! one point at a time is useless as a method for
finding A~! (since even in the simplest case A: R! — R! it involves an infinite number of
points).

This theorem shows that if an operator A is invertible, then there are right and left
inverses which are equal AA™! = A7'A = I. We can reverse the theorem and prove
Theorem 5.11 . Given the linear operator A: Vi — Vo, if there are linear operators A
(right inverse) and A (left inverse) such that

AA = AA =1,

then A is invertible and A=l = A = A
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PROOF: Verify condition i: If AX; = AXs, then flAXl = flAXg. Since AA = I, this
implies X7 = X5.

Verify condition ii. If Y is any element in Vs, let X = AY . Then AX = AAY =Y,
so that Y is the image of X under the mapping.

The proof that A™1 = A = A is delightfully easy. Only the associative property of
multiplication is used:

A=(ATTAA =AY AA) = A7 = (AA)A™! = A(AA7Y) = A.

EXAMPLES:

(1) The identity operator I on every linear space is invertible, for it trivially satisfies
both criteria. Not only that, but it is its own inverse for I1 = 1.

(2) The zero operator is never invertible, for even though X; # Xs, we always have

0(X1) =0=0(Xz).
(4 2)

is not invertible since, from the formula

. 1 3 T . r1 + 3x2
AX_(—Q —6)(3}2)_(—2931 - 6&02)’

we see that the vector (—3,1) # 0 is mapped into zero by A (whereas criterion 1).
states that only 0 can be mapped into 0 by an invertible linear operator). Another
way to see that A is not invertible is to observe that A = aj1a99 — aj2a21 = 0. thus
violating the explicit condition for 2 x 2 matrices found earlier.

(3) The 2 x 2 matrix

In this last example, we observed that if a linear operator A is invertible, then by
property i) the equation AX = 0 has exactly one solution X = 0. If A: V; — V5 on a
finite dimensional space, and dim V; = dim V5 the converse is true also.

Theorem 5.12 If the linear operator A maps the linear space Vi into Vo and dimVq =
dim V5 < oo, then
A is invertible <= AX = 0 implies X = 0.

PROOF: = A restatement of condition i) in the definition.
< A restatement of lines 7-10 on page 316.

Corollary 5.13 . A square matriz A = ((ai;)) is invertible if and only if its columns

ail ai2 A1n

a1 a2 A2n
-Al - y ‘AQ - ) 7‘An =

an1 an?2 Gnn

are linearly independent vectors.
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PROOF: To test for linear independence, we examine

o1 + xo Ao + - + Ay =0,

and try to prove that 1 =29 =--- =z, = 0. But writing the equation in full, it reads
ajyri+  apret+ - Faypr, =0
an i+ agpra+ -+ Fapr, =0
ap1T1t  an2Tat+ 0 Aanpxn =0,
or
AX =0.

By the theorem, A is invertible if and only if the equation AX = 0 has only the solution
X =0. Thus A is invertible if and only if the only solution of

z1 AL+ x0As + -+ Ap =0

isri=29=---=2,=0.
We close our discussion of invertible operators with

Theorem 5.14 . The set of all invertible linear operators which map a space into itself
constitutes a (non- commutative) group under multiplication; that is, if Li,La,... are
invertible operators which map V' into itself then they satisfy

0. Closed under multiplication (LiLo is an invertible linear operator which maps V
into itself).

(1) Li(LoLs) = (L1La)Ls - Associative
(2) There is an identity I such that

IL=LI=L.

(3) For every operator L in the set, there is another operator L=1 for which

LL'=17"'L =1

PROOF: 0) Li1Ls is a linear operator which maps V' into itself by part 0. of Theorem 4
(p. 276). It is invertible since its inverse can be written in the explicit form (an important
formula)

(L1Ly) ' = Ly LI,

as we will verify:
(LiLo)(Ly'LyY) = Ly (Lo Ly ML = LIl = Ly L =T
connect these?? (Ly 'Ly ') (L1Lo) = Ly (L L1)Le = Ly'TLy = Ly Ly = Ly 'Ly = 1.

(1) Part 1 of Theorem 4 (p. 276).
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(2) Part 1 of Theorem 5 (p. 277)

(3) A direct restatement of the fact that our set consists only of invertible operators.

Closely associated with a matrix A: R™ — R™

ail a2 A1n
(1/21 DY

A=
aml Am2 - Oamn

is another matrix A*, the transpose or adjoint of A, which is obtained by interchanging
the rows and columns of A, viz.

a11 a1 Gl
a12 a2

Af =
A1n Gmn

For example,
1 2
ifA=1| 4 -2 |, then A" = Lo45 :
5 _9 2 =2 -1

If A= ((ai;)), then A* = ((ai;)). The adjoint of an m x n matrix is an n x m matrix.
Thus, if A: R™ — R™ then A*: R™ — R", and for any Z € R™, we have

ailr ag1 - Gl 2 ai1z1 + a1z + -+ AmiZm
aiz @z - ] aizz1 + . T am2Zm
A*Z = . == )
Zm
aln “ e P amn alnzl _|_ e e + amnzm

so the jth component (A*Z)j of the vector A*Z € R"™ is
m
(A*2)j = aijzi = a1z + agjzz + -+ + Gmjzm.
i=1

Beware: The classical literature on matrices uses the term “adjoint of a matrix” for an
entirely different object. Our nomenclature is now standard in the theory of linear operators.
A real square matrix A is called symmetric or self-adjoint if A = A*. For example,

T 2 =3
A= 2 -1 5 | =A"
-3 5 4

For a symmetric matrix A, we have a;; = a;; .
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The significance of the adjoint of a matrix (as well as its relation to the more general
conception of the adjoint of an arbitrary operator) arises in the following way. If A: E" —
E™ , then for any X in E™ the vector Y = AX is a vector in E™. We can form the scalar
product of this vector Y = AX with any other vector Z in E™ (because Y and Z are
both in E™

(Z,Y)=(Z, AX).

Since A*: E™ — E", and Z € E™, then A*Z makes sense, and is a vector in E", so
(A*Z, X) is a real number for any X € E". Claim:

(Z, AX) = (A*Z, X).

This is easy to verify. Let A = ((a;;)). Then

(AX); = Zaijl‘j and (A*Z)j = Zaijzi,
/ i=1

7j=1
so that
m m n
<Z, AX> = Z Zz(AX>z = Z ZZ(Z aija;j)
i=1 i=1  j=1
m n
= Z ziaijxj.
i=1 j=1
In the same way,
n n m
(A*Z, X) = Z(A*Z)ij = (Z (ij2i)T;
j=1 j=1 i=1
m n
DI IELTE
i=1 j=1

Comparison reveals we have proved

Theorem 5.15 . If A: E® — E™, then for any X € E" and any Z € E™,
(Z, AX)=(AxZ, X),

where A* is the adjoint of A.

REMARK: From a more abstract point of view, the operator A* is usually defined as the
operator which has the above property. If this definition is adopted, one must use it to prove
the adjoint A* of a matrix A is found by merely interchanging the rows and columns (try
to do it!).

It is remarkably easy to obtain some properties of the adjoint by using Theorem 14.
Our attention will be restricted to square matrices (although the results are still true with
but minor modifications for a rectangular matrix).
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Theorem 5.16 . Let A and B be n x n matrices (so the products AB, BA, B*A*,
A+ B etc. are all defined). Then
0. I*=1 (because I is symmetric)

1. (A" =

2. (AB ) B*A*

3. (A+B)"=A"+B*.

4. (cA ) = cA*, ¢ is a real scalar.

5. A s invertible if and only if A* is invertible, and

(A*)fl — (Ail)*.
6. A is invertible if and only if the rows of A are linearly independent.

Proor: We could use subscripts and the a;; stuff - but it is clearer to use the result of
Theorem 14. In order to do so, an important preliminary result is needed.

Theorem 5.17 . If C: E" — E™, then the equation
(Cx,Y)y=0 forall X in E" and Y iin E™

< C 1isthe zero operator, C' =0. Thus if C1 and Cy map E" into itself, the equation
(C1X,Y) =(C3X,Y) forall XY € E" <= C} = Ch.

PRrROOF: = By contradiction, if C' # 0 there is some X such that 0 # C'Xg € E". Now
just pick Yo = CXg. Then

0 = (CXo, Yo) = (CXo, CXg) = [CXo|* >0

because by assumption C'Xg # 0. A glance at this line reveals the desired contradiction.
< Obvious.
The last assertion of the theorem follows by subtraction,

0= (C1X, Y) — (C2X, Y) = (C1 X — CoX, V) = ((C1 — C9) X, Y)

and letting C' = C7 — Cy.

Now we return to the
Proof of Theorem 15: The vectors X, Z will be in E™.

(0) Particularly clear because I is symmetric. You should try constructing another
proof patterned on those below.

(1) Two successive interchanges of the rows and columns of a matrix leave it unchanged.
Again, try to construct another proof patterned on those below.

(2) (AB)*Z, X) =(Z, ABX) = (Z, A(BX)) = (A*Z, BX)
= (B*(A*Z), X) =((B*A")Z, X)

for all X,Z in E™. Application of Theorem 16 yields the result.
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(3) (A+B)"Z, X)=(Z, (A+B)X) =(Z, AX + BX)

= (Z, AX) + (Z,BX, =)(A*Z, X) + (B*Z, X)

= (A2 + B2, X) = (A" + B*)Z, X).

And apply Theorem 16.

(4) ((cA)"Z, X) = (Z, cAX) = ¢(Z, AX)

= c(A*Z, X) = ((cA")Z, X).

Apply Theorem 16.

(5) If A is invertible, then AA~! = A='A = I. An application of parts 0 and 2 shows

(A" Ax = (AA Yy =" =T

Similarly, A*(A=1)* =1I. Thus A* has a left and right inverse, so it is invertible by
Theorem 11. The above formulas reveal (A*)~! = (A71)*.

In the other direction, assume A* is invertible. Since A** = A (part 1) the matrix
A is the adjoint of A*. But we just saw that if a matrix is invertible then its adjoint
is too. Thus the invertibility of A% implies that of A.

(6) By the Corollary to Theorem 12, A* is invertible if and only if its columns are linearly

independent. Since the columns of A* are the rows of A, we find that A* is invertible
if and only if the rows of A are linearly independent. Coupled with Part 5, the proof
is completed.

In our later work we shall need an inequality. Why not insert it here for future reference.

Theorem 5.18 . If A = ((a;;)) is an m x n matriz, so A: E" — E™, then for any X
in E* and Y in E™

[AX]] < K[| X]|
and
(Y, AX)| < KX Y]],
where o
2
k :ZZ%
i=1 j=1
PROOF: By definition
IAX ) =D (AX)7 =) O agxy)?,
i=1 i=1 j=1

where (AX); is the ith component of the vector AX . The Schwarz inequality shows

n

n n n
Q_ae))’ <D jai; ) a5 = |1XI° > _ai;
j=1  j=1 j=1

=1
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Thus,

m n
2 2 2 2 2
IAX[* < I X[1P DY af) = KIX]1%,
i=1 j=1
which proves the first part. The second part follows from this and one more application of

Schwarz:
(Y, AX)| < Y[ AX] < K[| XY |-

After all of this detailed discussion of matrices as an example of a linear operator L
mapping one finite dimensional space into another, our next theorem will show why matrices
are so ubiquitous. You see, we shall prove that every such linear operator L: Vi — V5 can
be represented as a matrix after bases for Vi and Vs have been selected.

Theorem 5.19 . (Representation Theorem) Let L be a linear operator which maps one
finite dimensional space into another

L: Vi — V5.

Let {ei,eq,...,en} be a basis for Vi, and {61,02,...0,,} be a basis for Vo. Then in
terms of these bases L may be represented by the matrix gL. whose jth column is the
vector (Lej)q , that is, the vector Le; (which is a vector in Vo ) written in terms of the 0
basis for Vo . Pictorially we have

oLe = ((L€1)9 T (Len)e) .

PRrROOF: Finding the representation of L in terms of given bases for Vi and V5 means:
given a vector X in V; which is represented in the e basis for V; (write it as X, ) to find
a matrix gL, such that the image vector gL.X. is the image (LX)p of X written in the
0 basis for V5. We have used the cumbersome notation ¢L. to make explicit the fact that
it maps vectors written in the e basis for Vj into vectors written in the 6 basis V5.

To avoid even further notation, we shall carry out the details only for the particular case
where the domain V; is two dimensional with basis {ej,e2 } and V5 is three dimensional
with basis {61,62,0s5}. The general case is proved in the same way.

Since the vectors Le; and Les are in V5, they can be written in the 6 basis, say,

Lei = a101 + b160s + 103, Lea = a0y + babs + cobls,

a1 a2
(Lel)g = b1 and (L€2)9 = b2
Cc1 C2

Given X in Vi, it can be written in the e basis for Vi,

T
X =x1e1 + x0e9, SO X6:< 1).
T2

Then

LX = L(zie1 + x2e3) = x1Ley + xoLesy
= wl(a101 + b169 + 0193) + xg(agel + boly + 6293)
= (alxl + a2x2)91 + (blxl + b2$2)92 -+ (011'1 + ngg)gg.
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If we write LX as a column vector in the 6 basis it is

ai1xy + asxo
(LX)@ = bll'l + bQ.%'Q
Cc1T2 + Cox3
which is recognized as a product
a1 as " ap az
0le = b by ( 1): by by | Xe
Cl1 Co

1 C2

therefore, the matrix we want is

ap a
oLe=| b1 b2 | ((Lex)g (Lea)y),
C1 C9

a matrix whose jth column is the vector Le; written in the 6 basis for V5.

ExaMpPLE: Consider the integral operator L: = f(f as a map of the two dimensional space
P1 into the three dimensional space Po. Any bases for P; and P, will do, however we
must simply fix our attention to specific bases. Say

basis for P; :={ej(x) =1, es(x)=2a}

basis for Py 1= {01(z) = 42, 6y(z) = 152, O3(x) = 22 }.

Then

and
T 2 1
LQQZ/ tdt:xf:*Qg
0 2
Therefore
1 0
(Lel)g = -1 y and (Leg)g = 0 y
1
0 2
S0
1 0
oLe = ((Le1)y (Lez)y) = | —1 ?
0 3

is the matrix representing L in terms of the given e basis for P; and 6 basis for Py. To
make you believe this, let us evaluate
x
Lp = / P
0

for some polynomial p € Py by using the matrix. For example, p(x) =3 —z = 3e; — eg,

so in the e basis for Py, P;= ( _i’ > . Its image under L in terms of the 6 basis for

sy ()
_1_1’
2

Po is then
1
(Lp)o =g L) = | -1

= O O
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that is,

1+zx 1—z 1 1
) =3

1
Lp - 391 *392 - 503 :3(

which, of course, agrees with

xX X 1
/p(t)dt:/ (3 —t)dt = 3z — ~°.
0 0 2

WARNING: If we had used a different basis for either P; or Py, the resulting matrix
representing L would be different. For example, if the same basis were used for P; but a
different basis for Py,

0 basis for Po:={0(z)=1, 6Oi(z)=1x, 0Oz)=a?},

then
L 7 4 L= _1j
el =T = al ) = — = —
1 2 2 2 2 3
SO
0 0
(Ler)g=| 1 |, (Lea)s=1| 0
0 1
2

Therefore the matrix 6%e which represents L in terms of the e basis for P; and the 6
basis for Py is

0 0
5L6:1(1)
0 35

0 0 3 0
(Lp)g=gLePe=1| 1 0 = 3 |;
1 -1 1
0 1 _1
2 2

that is,
~ ~ 1 1,
Lp =00, + 305 — =03 = 3z — —x~,
2 2
to no one’s surprise.

Observe that the matrices gL, and ;L3 both represent L-—but with respect to dif-
ferent basis. The second matrix ;L. is somewhat simpler that the first since it has more
zeroes. It is often useful to pick bases in order that the representing matrix be as simple as
possible. We shall not discuss that issue right now.

There is a simple class of operators (transformations) which are not linear, but enjoy
most of the properties which linear ones do. They are affine operators, or affine transfor-
mations. To define them, it is best to first define the translation operator.

DEFINITION: If V' is any linear space and Y, a particular element of V', then the operator
T:V — V defined by
TY =Y +Y,, YeV,

is the translation operator. It translates a vector Y into the vector Y + Y.
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DEFINITION: An affine transformation A is a linear transformation L followed by a trans-
lation. if L: Vi — V5 and Y,y € V5, it has the form

AX = LX +Y,. XeV, Yyels.

Affine transformations can be added and multiplied by the same definition which gov-
erned linear transformations. Thus, if A and B are affine transformations mapping V;
into V2,

(A+ B)X := AX + BX.

In particular, if AX = L1 X +Y, and BX = Lo X + Zy, where Yy and Zy arein V5, then

(A+B)X = AX + BX = /X + Yy + Ls X + Zg
= (L1 + L)X + (Yo + Zo).

Similarly, if A: Vi — V5 and B: V3 — V4, where V5 C V3, then

(BA)X := B(AX) = B(I1.X + Yo) = La(I1 X + Yo) + Zo
= Lol X + LoYy + Zp,

where Yy € Vo and Zg e Vy.

You will carry out the (straightforward) proofs of the algebraic properties for affine
transformations in Exercise 23.

The curtain on this longest of sections will be brought down with a brief discussion
of the operators which characterize rigid body motions, or Euclidean motions, as they are
often called.

DEFINITION: The transformation R: E™ — E" is an isometric transformation, (or Euclidean
transformation or rigid body transformation) if the distance between two points is preserved
(invariant) under the transformation. Thus, R is an isometry if

IRX — RY| = [|X =Y

for all X and Y in E".

It is interesting to think for a moment how all these names originated. The phrase
rigid body transformation arises from the idea that any motion of a rigid body (such as a
translation or rotation) does not alter the distance between any two points in the body. In
the framework of Euclidean geometry the whole notion of congruence is defined to be just
those properties of a figure which are invariant under isometries. By allowing deformations
other than isometries, one obtains geometries, so affine geometry is the study of properties
invariant under all affine motions.

The study of isometric transformations is mainly contained in that of a special case,
orthogonal transformations. These are isometries which leave the origin fixed, RO = 0. It
should be clear from our next theorem (part 3) that the idea of an orthogonal transformation
generalizes the idea of a rotation to higher dimensional space. Reflections (mirror images)
are also orthogonal transformations. Theorem 20 states that every isometric transformation
is the result of an orthogonal transformation followed by a translation.

1 0
0 -1

X=(™" , then RX = 1 0 1) = 1 ,
) 0 -1 i) —x9

ExXAMPLE: The matrix R = ( ) defines an orthogonal transformation since if



208 CHAPTER 5. MATRIX REPRESENTATION

Y:<yl>, then RYz( yl).
Y2 —Y2

Consequently ||[RX — RY|| = || X = Y| = /(z1 —y1)2 + (z2 — y2)2, so R, being isometric
and linear is an orthogonal transformation. It represents a reflection across the x; axis.

Our definition of an orthogonal transformation does not presume its linearity. This is
because the linearity is a consequence of the given properties. A proof is outlined in Ex.
16, p. 390. For convenience, the linearity will be assumed in the following theorem where
we collect the standard properties of orthogonal transformations.

and if

Theorem 5.20 . Let R: E" — E™ be a linear transformation. The following properties of
R are equivalent.

(1) R is an orthogonal transformation, that is

IRX —RY| =X -Y| and RO=0.

2) [[rRX] = [X]|

(3) (RX, RY) = (X,Y) (so angles are preserved)
(4)

()

ality of E™ ).

PRrROOF: We shall prove the following chain of implications: 1 =—= 2 —= 3 —= 4 — 5 =
4=1
1 = 2. Trivial, for

[RX]| = [[RX — RO|| = [|X —Of = [|X].

2 = 3. By linearity and part 2) applied to the vector X 4+ Y, we have
|RX + RY|| = |R(X + V)| = | X +Y].
Now square both sides and express the norm as a scalar product:
(RX+RY, RX+RY)=(X+Y, X+Y).
Upon expanding both sides, we find that
|RX |2 +2(RX, RY) + |[RY | = | X|? + 2(X, V) + ||V |[%

Since by part 2) ||RX]|| = || X| and ||RY| = ||Y||, we are done.
3 = 4. By part 3) and Theorem 14 (p. 369),

(R*RX,Y) = (RX, RY) = (X, Y).

Thus, an application of the second part of Theorem 16 (p. 371) gives us R*R=1.

4 = 5. Since X = R*RX , we see that RX = 0 implies X = 0, consequently, R is
invertible (Theorem 12, p. 364). Moreover R*R =1 so R* = R™1.

5 = 4. Clear, since R* = R™!.
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5= 1. Because R is linear, R0 = 0. It remains to show that ||RX — RY| = || X =Y,
an easy computation. |[RX — RY|? = |R(X -Y)|? = (R(X -Y), R(X —Y)), so using 4)
=(R'R(X-Y), X -Y)=((X-Y), (X -Y)) =X -Y|*
Done.
Earlier in this section (p. 357-8) we considered a matrix R which represented the

operator which rotates a vector in E? through an angle «. This matrix is the simplest
(non-trivial) example of a rigid body transformation which leaves the origin fixed, that is,

an orthogonal transformation.
cosa —sina
R= . .
sinaw  cosa

To prove that R is an orthogonal matrix, by Theorem 19 part 3, it is sufficient to verify
(RX, RY)=(X,Y) forall X and Y in E?. A calculation is in order here.

RX — < C(.)SOé —sin« ) ( T > _ ( xlcf)sa—xgsina ) '
sin « Cos « ) T1Slna + To COS &
Similarly for RY , just replace z1 and xo by y; and yo respectively. Then
(RX, RY) = (1 cosa — xgsina)(y; cosa — ya sin ) + missing?
(21 sin v + x5 cos @) (yq sin a + Yo cos a)
= 2191 cos® o — (x1y2 + x2y1) sin o cos @ + T2y2 sin® o
+21Y1 s.in2 o+ (mlyg + acgyl) sin a cos @ + Tayo cos,2 «
=z1y1 + x2y2 = (X, Y). Done.

We previously found an expression for R~ (p. 358) by geometric reasoning. It is
reassuring to notice R~' = Rx, just as part 5 of our theorem states.

The most general rotation in E? may be decomposed into a product of these simple
two dimensional rotations. For a brief discussion - complete with pictures - open Goldstein,
Classical Mechanics to pp. 107-9.

Now to the last theorem of this section.

Theorem 5.21 . If R: E" — E" is a rigid body transformation, then for every X € E"
RX = RoX + Xo,

where Rq is an orthogonal transformation (rotation) and Xo is a fived vector in E™ . Thus,
every rigid body motion is composed of a rotation (by Ry and a translation (through X ).

PRrooOF: Let RyX = RX — RO. Since
Ro0 = R0 — R0 =0,
the operator Ry has the property Ry0 = 0. Furthermore, for any X and Y in E",
|RoX — RoY|| = ||[RX — RO — RY + RO
— |RX - RY| = | X - Y.

Therefore Ry satisfies the definition of an orthogonal transformation. The proof is com-
pleted by defining Xy to be the image of the origin under R, Xy = R0. Then

Ry X = RX — Xy,

or

RX = RpX + Xp.
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5.2 Supplement on Quadratic Forms
Quadratic polynomials of the form

Q(X) = ax? + Brixs +y235, X = (v1,72)

and the generalization to n variables X = (x1,z2,...,2y)
n n
QX)=> > aiwix;
i =1

often arise in mathematics. They are called quadratic forms and can always be represented
in the form (X, SX) where S is a self adjoint matrix. For example, the first quadratic

form can be written as
8
()~
v )\ 22

where S is the matrix indicated.

The procedure for finding the elements ((a;;)) of the matrix S is simple. First take
care of the diagonal terms by letting a; be the coefficient of 2?2 in Q(X). Realizing that
zir; = xjz;, collect the terms oyjx;z; and ajzjz; in Q(X), getting (asj + aji)xiz; .
Then let

Qx) = (er.0)

@ Q

1 o
aij = aji = 5(uj + aji) i # .
2

EXAMPLE: Q(X) = 22 — 27123 — 23 + 67122 + w371 . Rewrite this as Q(X) = 2% — 23 +
6x129 + 2x123. Then

and
Q(X) = (X, 5X).

as you can easily verify.
DEFINITION: A quadratic form Q(X) is positive semi definite if Q(X) > 0 for all X and
positive definite if Q(X) > 0,z # 0. Q(X) is negative semi definite or negative definite
if, respectively, Q(X) <0, or Q(X) <0, X #0. If S is the self adjoint matrix associated
with the quadratic form @Q(X), then S is positive semi definite, positive definite, etc., if
Q(X) has the respective property.
We may think of Q(X) as representing a quadratic surface. Thus, if S is diagonal,
for example
2 00
S=(010
0 0 3
with positive diagonal elements, then the equation Q(X) =1, where Q(X) = (X, SX) =
2x%+$%+3x§ , represents an ellipsoid. This matrix S is positive definite since by inspection
QX)>0, X#0.
It is easy to see if a diagonal matrix S is positive semi definite, negative semi definite,
positive definite, or negative definite.

)
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ExAMPLE: The diagonal matrix

- 0
0...7
is
(a) positive semi definite if and only if ~,...,7, are all non-negative,
(b) positive definite if and only if ~i,...,7, are all positive (not zero), and the obvious

statements for negative semi definite and negative definite.

The problem of determining if a non diagonal symmetric matrix is positive etc. is more
subtle. We shall find necessary and sufficient conditions for the two variable case, but only
necessary conditions for the general case.

Consider the 2 x 2 self-adjoint matrix

(1)

Q(X) = az® + 2bxy + cy>.

and the associated quadratic form

There are several cases.
(i) If a =10, then
Q(X) = (2bz + ey)y.

If b# 0, by choosing = and y appropriately, we can make Q(X) assume both positive
and negative values. Thus, for a =0, b # 0, @ can be neither a positive nor a negative
semi-definite form. On the other hand, if a =0, and b =0, then Q is positive (negative)
semi definite if and only if ¢ > 0(¢ < 0). If a =0, @ can never be positive definite or
negative definite since if X = (x,0) where z # 0, then Q(X) =0 but X #0.

(ii) If a # 0, then @ can be written as

Q(X) = = (0 +by)” = (ac — )]

We can immediately read off the conditions from this. @ is positive semi definite (definite)
if and only if @ > 0 and ac — b? > 0 (ac — b? > 0), and negative semi definite (definite) if
and only if @ < 0 and ac — b? > 0 (ac — b*> > 0).

In summary, we have proved

Theorem 5.22 A. Let Q(X) = ax? + 2bxy + cy?, and S be the associated symmetric
matriz. Then

(a) Q is positive semi definite if and only if a >0 and ac—b* >0 (this implies ¢ > 0
too).

(b) Q s positive definite if and only if a > 0 and ac — b> > 0 (this implies ¢ > 0
too).
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The general case of a quadratic form in n variables is much more difficult to treat.
There are known necessary and sufficient conditions, but they are not too useful in practice,
especially for a large number of variables. We shall only prove one necessary condition for a
quadratic form to be positive semi-definite (or positive definite), a condition which is both
transparent to verify in practice and even easier to prove.

THEOREM B. If the self adjoint matrix S = ((a;;)) is positive definite, then the
diagonal elements must all be positive, ai1,a929,...,an, > 0. Similarly, if S is negative
definite then the diagonal elements must all be negative.

n

Proor: Q(X) = (X, SX) = Zaijxia:j. Since @ is positive definite, Q(X) > 0 for all
ij=1

X # 0. In particular, Q(ex) > 0, k = 1,...,n, where e is the kth coordinate vector

er = (0,0,...,0,1,0,...,0). But Q(ex) = agr . Thus agr >0,k =1,...,n, just what we

wanted to prove.

EXAMPLES: 1. The quadratic form Q(X) = 3224 7432y — y? + 422 + 2 is positive definite
or semi definite since the coefficient of 32 is negative. It is not negative definite or semi
definite since the coefficient of 22 is positive.

2. The quadratic form Q(X) = 2? — 5zy + y? + 222 satisfies the necessary conditions
of Theorem B, but the conditions of Theorem D were not sufficient conditions for positive
definiteness. Thus, we cannot conclude this Q(X) is positive definite. In fact, this Q(X) is
not positive definite or semi definite since, for example, if X = (1,1,1), then Q(X) = —1.
It is clearly not negative definite or semi definite.

Exercises

(1) Find the self-adjoint matrix S associated with the following quadratic forms:
(a) Q(X) =22 — 27129 + 423 .
(b) Q(X) = —2% + x122 — T123 + 3 — 3971 — 2372 + 373
(c) Q(X) = 27172 — 3w372 + 4w0T4 + T3T4 + T3

14 1 0 1 00

1 -1 2 1 7 =3 2

[Answers: (a) , (b) -1 1 =11, 3 2 ]
-1 4 1 3 0o -3 0 3

2 o 2 L0

(2) Use Theorem A or B to determine which of the following quadratic forms in two
variables are positive or negative definite, or semi definite, or none of these.

a) Q(X) =% — 2x129 + 423
b) Q(X) = —a? + x120 — 423

Q(X) = 22 — 6x129 — 423
d) Q(X) = 2} — 6z179 + 423
e) Q(X) = 2% — 6172 + 47973 — 23 + 422

(3) If the self-adjoint matrix S is positive definite, prove it is invertible. Give an example
of an invertible self-adjoint matrix which is neither positive nor negative definite.
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(4) Find all real values for A\ for which the quadratic form
Q(X) =222 + % + 322 + 2)\zy + 222
is positive definite. [Hint: Q(X) = (3 —A?)2? + (Az 4+ y)* + (V32 + %JZF]
(5) Let the integer n be > 3. If the quadratic form
n
QLX) =) ajwj,  ay = aj;
ij=1

is the product of two linear forms
n n
QX) = O ) O myy),
i=1 j=1

show that det A = det((ai;)) =0.

(6) If the self-adjoint matrix S is positive definite or semi-definite, prove the generalized
Schwarz inequality:

(Y, SX)|> < (Y, SY)(X, SX)

for all X and Y. [Hint: Observe [X,Y] := (Y, SX) satisfies all the axioms for a
scalar product].

(7) If the self-adjoint matrix S is positive definite (so S~! exists by Exercise 3), prove
that S—! is also positive definite. [Hint: Use the generalized Schwarz inequality,
Exercise 6, with Y = S7!X and the inequality (X, SX) < k?||X||?> of Theorem 17,
p. 373].

(8) Proof or counterexample:

(a) If a matrix A = ((a;;)) is positive definite, then all of its elements are positive,
a;; >0 for all ¢,7.

(b) If a matrix A is such that all of its elements are positive, a;; > 0, then the
matrix is positive definite.

Exercises

(1) Write out the matrices associated with the operators A and B in Exercise 4a, p.
281, and carry out the computation there using matrices.

(2) Write out the matrices R4, Rp, and R¢ for the rotation operators A, B, and C
in Exercise 8 p. 281 and complete that problem using matrices. [Ans. Ry =

1 0 0
0 0 -1 in terms of the basis e; = (1,0,0), ez =(0,1,0), e3=1(0,0,1)].
0 1 0

(3) Prove Exercise 2b (p. 281) as a corollary of Theorem 18.
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=(59) o)

compute AB, BA,and B?.

(4) It

(5) Compute A~! if

(a). A_<§ i) [ans. A1_<_§, _g )}

40 5 4 0 -5
(b). A= 0 1 —6 [ans. At=[ —-18 1 24 |]
30 4 -3 0 4
1 100 I -1 1 -1
10110 4 |0 1 -1 1
(@ A=109o11 ans. AT =10 g 1 o |
0001 0 0 0 1

(6) If A is the matrix of 5a) above, from the definition compute directly,
25 _9
—1 1 g 3 T3
(a) =641+ 34 [ans. ( —28 % )]
(b) (A*)~! and (A~1)*. Compare them. State and prove a general theorem.
(c) AA* and A*A.

(7) If

1 2 1 1
a=(a 1) 2=(a )
compute (AB)*, A*B*, and B*A*. Compare (AB)* and B*A* and explain the

outcome.

(8) Prove that I* = I and A* = A using only Theorems 14 and 16 (cf. Parts 2-4 of
Theorem 15).

(9) If A: R" - R™ and B: R™ — R" where n > m, prove that BA (an n x n matrix)
is singular. Is AB necessarily singular? (Proof or counterexample).

(10) Given two square matrices A and B such that AB = 0, which of the following
statements are always true. Proofs or counterexamples are called for. [I suggest you
confine your search for counterexamples to the case of 2 x 2 matrices.]

(a). A=0.

(b). B=0.

(c). A and/or B are (is) singular (not invertible).

(d). A is singular.

(e). B~! exists.

(f). If A=! exists, then B=0.

(8).

If B is nonsingular, then A = C'.

e)
f)
g
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(11)

(13)

(14)

(15)

(16)
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(h). BA=0.
(i). If A#0 and B # 0, then neither A nor B are invertible.

(a). If A is a square matrix which satisfies
A2 24 -T=0,

find A~! in terms of A. [Hint: Find a matrix B such that AB = BA=1 ]

(b). If A is a square matrix which satisfies
A"+ an,lA”_l + an,gA"_z +...+a1A+agl =0, ag 7é 0,

where ag, a1, ...,a,—1 are scalars, prove that A is invertible and find A~! in terms
of A.

(a). If L: E® — E™, prove N(L*) = R(L)*

[Hint: Show (in two lines) that X € N(L*) <= (X, LZ) =0 for all Z € E" —from
which the result is immediate.]

(b). Use part (a) to show that dimR(L) = dim R(L*).

(c). Do exercise 19, page 441.

(a). If T: E® — E" is a translation, TX = X+ Xy, prove T is invertible by explicitly
finding 7-! (which is a trivial task). [Answer: T7!X = X — X ]

(b). If R: E™ — E" is a rigid body transformation, show that R is always invertible
by exhibiting R™!. [Answer: If RX = RoX + Xo, then R can be written as
Rz = (TRy)X. R'=RiT™!]

If A isany n xn matrix, find matrices A; and As such that A is decomposed into
the two parts

A=A+ A,
where A; is symmetric and As is anti-symmetric, i.e., A5 = —As. [Hint: Assume
there is such a decomposition and use it to find A; and A, in terms of A and A*.
Then verify that these work.]

Consider the operator D = % on Ps. Prove that D is not invertible (return to the

definition p. 360) but exhibit an operator L which is a right inverse, DL =1 .

This problem proves that R is orthogonal if and only if R is linear and isometric.

(a) Prove that if R is linear and isometric, then it is orthogonal. (Trivial!).

(b) If R is orthogonal, prove that
i) |RX = ||X]
ii) (RX, RY)=(X,Y) (Hint: Use |RX — RY|?*=|X -Y|?)
iii) R(aX)=aRX (Hint: Prove |R(aX)—aRX|?>=0)
iv) R(X +Y)=RX + RY (Hint: Prove | “something” ||>=0)
v) R is linear and isometric

[Warning: If you assume linearity in b), you’ll vitiate the whole problem].
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(17)

(18)

(19)

(20)

(21)

(24)
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(a). Let A be a square matrix such that A% = 0. Verify that (I + A)"' =T - A+
A? — A3 4 A%,
(b). If A7 =0, then (I — A)~' =7

Consider the matrices

O (95) @ (§4)

For what value(s) of «, 3,y and 0 do these matrices represent orthogonal transfor-
mations?

If A= ((a;j)) is a square (n xn) matrix, the trace of A is defined as the sum of the
elements on the main diagonal, tr A: = ay1 + ag2 + ...+ apy, . Prove

(a). tr(ad) = A, where « is a scalar.

(b). tr(A+ B) =tr A+tr B, where B is also an n X n matrix.
(c). tr(AB) =tr(BA).
(d). tr(I) =7

Assume that A: E"™ — E" is anti-symmetric, A* = —A.

(a). Prove A —1I is invertible. [By Theorem 12, it is sufficient to show (A —I)X =
0 = X = 0. Use the property of A to prove it AX = X, then (X, AX) =
IX]%, (A*X, X) = —[|X]?, and (X, AX) = (A"X, X) ]

(b). If U= (A+1I)(A—1I)"!, then U is an orthogonal transformation.

Let A, be the orthogonal matrix which rotates vectors in E? through an angle of
2 /n .

(a). Find a matrix representing A, (use the standard basis for E?).

(b). Let B denote the orthogonal matrix of reflection across the x; axis (p. 382).
Show that BA, = A, 'B. [The group of matrices generated by A, and B and all
possible products is the dihedral group of order n].

Prove that the set of all orthogonal transformations of E" into E" forms a (non-
commutative) group under multiplication.

An affine transformation AX = LX + Xy of a linear space into itself is called
non-singular if the linear transformation L is non-singular. Prove that the set of
all such non-singular affine transformations form a (non-commutative) group under
multiplication.

Let A = ((asj)) be a square matrix. Find all such matrices with the property that
tr(AA*) =0 (see Ex. 19 for the definition of the trace).
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(27)

(28)

(29)

(30)
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Consider the linear space
S={f(z): f(xr) =a+Dbcosx+csinzx}.
with the scalar product
R
(f, g) = aa+ i(bb—i- cc),

where g(x) = @+ bcosx + ésinz . Define the linear transformation R: 8 — § by the
rule

(Rf)(z) = f(x + ), «real.
(a) Show that R is an orthogonal transformation by proving that (Rf, Rg) = (f, g)
for all f,g in S.
(b) Choose a basis for 8 and exhibit a matrix R, which represents R with respect

to that basis for both the domain and target.

Let A: E" — E™. Prove: A is surjective (= onto) if and only if A* is injective (=
one to one).

Define A: P3 — R? by

Alp(z)] = (p(0), p(1), p(=1)) where p € P3.

Find the matrix for this transformation with respect to the basis e; = 1 ey =
(x4+1)2 e3 = (x —1)%, eg = 23 for P3; and the standard basis for R3.
(b). Find the matrix representing A using the same basis for R? but using the basis

é1=1,6y =z, é5 =22 and é, =23 for Ps.

If A and B both map the linear space V into itself, and if B is the only right
inverse of A, AB =1, prove A is invertible. [Hint: Consider BA+ B +1].

Let A: E" — E™ be represented by the matrix ((a;j)), and B: E™ — E™ by ((b;;)) .
If
(¥, AX) = (BY, X)

for all X € E® and all Y € E™, prove B = A*. This proves the statement made in
the remark following Theorem 14.

Let L:R* — R* be defined by LX = (21,0, 23,0), where X = (21,22, 23,74). Find
a matrix representing L in terms of some basis. You may use the same basis for both
the domain and the target.

Volume, Determinants, and Linear Algebraic Equations.

Often we have stated that thus and so is true if and only if a certain set of vectors are
linearly independent. But we still have no adequate criteria for determining if a set of
vectors is linearly independent. What would be an ideal criterion? One superb criteria
would be as follows. Find a function which assigns to a set of n vectors X1, Xs,..., X, in
R™ a real number, with the property that this number is zero if and only if the vectors are
linearly dependent.
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There is a geometric way of solving this problem. For clarity we shall work in two
dimensions, E?. If X; and X, are any two vectors in E?, then intuition tells us X; and
Xo are linearly dependent if and only if the area of the parallelogram (see fig.) is zero.
Thus, once we define the analogue of volume for n dimensional parallelepipeds in R™, the
appropriate criterion appears to be that a set of n vectors Xi,...,X,, in E™ is linearly
dependent if and only if the volume of the parallelepiped they span is zero.

The major hurdle is constructing a volume function which behaves in the manner dic-
tated by two and three dimensional intuition. Our program is to state a few (four to be
exact) desirable properties of a volume function V for parallelepipeds, then construct a
simpler related function - the determinant D, and observe that V' = |D| (absolute value
of D) is a volume function. This determinant function will prove useful in the theory of
linear algebraic equations.

Let X; and X5 be any two vectors in R?. We define the parallelogram spanned by
X; and X5 to be the set of points X in R? which have the form

X =11 X1 + 12X, 0<t<1,0<t <1

You can check that these points are precisely those in the parallelogram drawn above. The
volume function (really area in this case) V(X1, X2) which assigns to each parallelogram
its volume should have the properties

1. V(X1,X3) > 0.

2. V(AX1,X2) = |\ V(X1,X2), A scalar.

3. V(Xl + XQ,XQ) = V(Xl,XQ) = V(Xl,Xl + XQ) .

4. V(ep,e2) =1. e1 =(1,0), e =(0,1).

The second property states that if one side is multiplied by A; then the volume is
multiplied by |A| (see fig.).

The third property is more subtle. It states that the volume of the parallelogram
spanned by X; and Xj is the same as the parallelogram spanned by X; and X; + X5.
This is clear from the figure since both parallelograms have the same base and height.

The last property merely normalizes the volume. It states that the unit square has
volume 1.

Our first task is to define a parallelepiped in E™.
DEFINITION: The n dimensional parallelepiped in E™ spanned by a linearly independent
set of vectors X1, Xo,..., X, is the set of all points X in R" of the form

X=tXi+tXo+ - +1,X,, 05t <L

It is a straightforward matter to write the axioms for the volume V(Xi, Xo,...,X,)
for the n dimensional parallelepiped in E™.

V-1. V(X1,Xs,...,X,) >0.

V-2. V(X1,Xo,...,X,) is multiplied by |A| if some X is replaced by AX; where A
is real.

V-3. V(X1,Xo,...,X,) does not change if some X; is replaced by X; + X}, where
J#k.

V-4. V(e eq,...,e,) =1, where e; = (1,0,0,...,0), etc.

These axioms are amazingly simple. It is surprising that the volume function V in
uniquely determined by them; that is, there is only one function which satisfies these axioms.
You might wonder why we did not add the reasonable stipulation that volume remains
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unchanged if the parallelepiped is subjected to a rigid body transformation. The reason
is that this axiom would be redundant, for this invariance of volume under rigid body
transformation will be one of our theorems.

The most simple way to obtain the volume function is to first obtain the determinant
function D(X7, Xo,...,X,). We define the determinant function D(X1, Xo,...,X,) of n
vectors X1, Xo,..., X, in R™ by the following axioms (selected from those for V).

D-1. D(X;,Xa,...,X,) is a real number.

D-2. D(Xi, Xs,...,X,) is multiplied by A if some X; is replaced by AX; where A
is real.

D-3. D(X1, X»,...,X,) does not change if some X; is replaced by X; + X}, , where
J#k.

D-4. D(ey,ea,...,e,) =1, where e; = (1,0,0,...,0) etc.

Remarks:

(1) If A= ((ai;)) is a (square) n x n matrix,

ail a2 - Qln
a1  a22
A=
anl Aan2 - Opp
we can consider it as being composed of n column vectors Aj, Ao, ..., A, , and define

the determinant of the square matrix A in terms of the determinant of these vectors

ailr a2 - A1n

a1 a2n
det A = D(A1, As, ..., Ay) =

anl o« o e o« o ann

(2) Although we have written a set of axioms for D, it is not at all obvious that such a
function exists. Rest assured that we will prove the existence of such a function.

(3) Observe: if we define
V(Xl,XQ,...,Xn) = |D<X1,X2,...,Xn)|, Xj EE”,
then V' does satisfy the axioms for volume.

Granting existence of D, we derive some algebraic consequences of the axioms.

Theorem 5.23 . Let D be a function which satisfies axiom D-1 to D-3 (not necessarily
D-4).

(1) If X; is replaced by X; = Z)\ka then D does not change.
k#j
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(2) If one of the vectors X is zero, then D =0.

(3) If the vectors Xi,Xo,...,X,, are linearly dependent then D = 0. In particular
D =0 if two vectors are equal.

(4) D is a linear function of each of its variables, that is
D(...,\Y +puZ,..)=AD(....Y,..) +uD(...,Z,...)
(so D is a multilinear function).

(5) If any two vectors X; and X; are interchanged, then D is multiplied by —1 .

D(....Xi,...,X;,..)==D(....Xj,....X;,...)

PRrROOF: These proofs, like the statements above, are conceptually simple but notationally
awkward. Notice that only Axioms 1-3 but not Axiom 4 will be used. We shall need this
fact shortly.

(1) We prove this only if X; is replaced by X; + AXy, j #k and A # 0. The general
case is a simple repetition of this until the other X} ’s are used up. It is simplest to
work backward. By Axiom 2,

1
D(...,Xj—l-)\Xk,...,Xk...):XD(...,X]‘—l—)\Xk,...,)\Xk,...)

so by axiom 3 (since AX} is now a vector in D)

= D0 X AX )

and axiom 2 again
=D(...,Xj,..., Xp,...).

(2) Write the vector X; =0 as 0X; where 0 is now a scalar. This scalar may be brought
outside D by axiom 2. Since D is a real number, 0-D =0.

(3) Let X; = Zaka . By part 1, D does not change if X is replaced by Xj+Z)\ka .
Py k#j
Choose A = —ay . This gives a D with one vector zero, X; — Zaka = 0. Thus

k#j
D is zero by part 2.

(4) The trickiest part. Axiom 2 immediately reduced this to the special case A =pu=1.
For notational convenience, let Y 4+ Z by in the last slot. We have to prove

D(Xl,XQ,...,Y—i-Z) :D(Xl,XQ,...,Y)—i—D(Xl,XQ,...,Z).

If X1,Xo,..., X1 (which appear in all three terms above) are linearly dependent,
we are done by part 3. Thus assume they are linearly independent. Since our linear
space R™ has dimension n, these n — 1 vectors can be extended to a basis for R"
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by adding one more, X,,. Now we can write Y and Z as a linear combination of
these basis vectors

Y=a1 X1+ +ap1Xn1+a,Xn, Z=b01X1+ - +b1Xn 1+ b, X,

Substituting this into D we obtain

n—1
D(X1,...,Y +2)=D(X1,...,..., > (a5 +b)X; + (an + bn) Xn).
1

But by part 1, 3
=D(X1,...,(an +by)Xp)

and axiom 1 results in

= (an +bp)D(X1,..., Xy).

However, again by part 1,

n—1
D(X1,....,Y)=D(X1,..., Y a;X; + anXy)
1

=D(X1,...\. . anXp) = anD(X1, ..., X,).

Similarly

D(X1,...,7) = by D(X1,...,Xy).

Adding these two expressions and comparing them with the above, we obtain the
result.

(5) To avoid a mess, indicate only the ith and jth vectors. Our task is to prove
D(....X;,....Xj,...)=—D(..., Xj,..., Xi,...).
This is clever. Watch: By the multilinearity (part 4)
D(....X;+Xj,....,.Xi +X5,...)

:D(,XZ,,XZ,,)—I——i—D(,XZ,,X],)
—l—D(,XJ,,XZ,)—l-—|—D(,X],,XJ,)

However part 2 states that the left side as well as the first and last terms on the right
are zero. Thus

OZD(,XZ,,X],)—l-D(,XJ,,XZ,)

Transposition of one of the terms to the other side of the equality sign completes the
proof. You should also be able to fashion an easy proof of this part which uses only
the axioms directly (and uses none of the other parts of this theorem).

Instead of moving on immediately, it is instructive to compute D[X7, Xo| where X;
and X, are vectors in R2, X1 = (a,b), X3 = (c,d). Then we are computing

o[(5)-(2)]
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which is, equivalently, the determinant of the matrix ( (Il) ¢ > .

oI(2) (N-eo[(1) ()] s
:aD:@),(;)—c(g)] (Theorem 21 part 1)
oof(1 ()]

:(ad—bc)D:< ><§’>] (axiom 2)

) 2(0)(2)] e

)

= (ad —bc) D < : ( (1) )] (algebra)
—(ad—be) Dler,es) —ad—be  (axiom 4).

~(ad b D |

O Qo Qo =

Thus |Area| = |(a + ¢)(b+ d) — 2bc — ¢d — ab| = |ad — bc|

You can indulge in a bit of analytic geometry (or look at my figure) to show that the
area of a parallelogram spanned by X; and X3 is |ad — bc|. From our explicit calculation,
the existence and uniqueness of the determinant of two vectors in R? has been proved.

There are several ways to prove the general existence and uniqueness of a determi-
nant function. Our procedure is to first prove there is at most one determinant function
(uniqueness). Then we shall define a function inductively, and verify it satisfies the axioms.
By uniqueness, it must be the only function. Two interesting and important preliminary
propositions are needed.

The following lemma shows how to evaluate the determinant if all of the elements above
the principal diagonal are zeroes (that is, the determinant of a lower triangular matrix).
LEMMA: Let Xi,---,X, be the columns of a lower triangular matrix

ail 0 0 .o 0
a1 az 0 :
. 0
anl an2 “ .. “ .. ann
Then
D(Xy, -, Xp) =ania - -appD(er, -+ ,e,) = a11a22 - - ann,

that is, the determinant of a triangular matrix is the product of the diagonal elements.
ProOF: If any one of the principal diagonal elements are zero, then the determinant is
zero. For example, if aj; = 0, then the n — j + 1 vectors Xj,---, X, all have their
first j components zero, and hence can span at most an n — j dimensional space. Since
n—j7+1>n—j, these vectors must be linearly dependent. Therefore, by Theorem 21,
part 3, the determinant is zero, as the theorem asserts. [If you didn’t follow this, look at a
3 x 3 or 4 x4 lower triangular matrix and think for a moment].
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If none of the diagonal elements are zero, we can carry out the following simple recipe.
The recipe gives a procedure for reducing the problem to evaluating a matrix which is zero
everywhere except along the diagonal.

First, we get all zeros to the left of a9s in the second row by multiplying the second
column, Xy, by —agi/ase and adding the resulting vector to X;. This gives a new
first column with ¢ = 2, j = 1 element zero. Moreover, the new matrix has the same
determinant as the old one (Theorem 21, part 1). It looks like

all 0 0 0
0 a9 0
asy asy asy -
. 0
nl  Gn2 Ann

Only the first column has changed. Repeat the same process to get all zeros to the left
of agz. Thus, multiply the third column by —as;/ass and —as;/ass and add the result
to the first and second columns respectively. This gives a new matrix, again with equal
determinant, but which looks like

a;ir; 0 0 o --- 0
0 ago 0 0 0
0 0 ass 0

G41 Q42 (43 Q44 .

0
dn1  Qp2  Gp3 Ann

Moving on, we gradually eliminate all of the terms to the left of the diagonal but keep
the same diagonal ones. The final result is

ay; 0 -0
0 a2 .
. 0

0 0 0 Ann,

It has the same determinant as the original matrix, so

l)()(l7 Ce 7Xn) = D(anel, . ,annen)

= dai1- --annD(el, . ,en),

where Axiom 2 has been used to pull out the constants. Now Axiom 4, D(eq,...,e,) =1,
can be used to complete the proof. Observe that Axiom 4 is not used until the very last
step. Thus, the formula D = (something) D(e,...,e,) depends only on Axioms 1-3. We
shall need this soon.

The above theorem shows how easy it is to evaluate the determinant of a lower trian-
gular matrix. It becomes particularly valuable when coupled with the next theorem which
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shows how the determinant of an arbitrary matrix can be reduced to that of a lower tri-
angular matrix. The reduction procedure given here is the best practical way of evaluating
a determinant. There is a peculiar criss-cross method for evaluating 3 x 3 determinants
which is taught in many high schools. Forget it. The method is not very practical and does
not generalize to 4 x 4 or larger determinants.

Theorem 5.24 . The evaluation of the determinant D(Xy,...,X,) can be reduced to the
evaluation of a lower triangular matriz - and hence has the form

D = (something)D(eq, ..., en).

The proof gives a way of computing “something” in terms of the original matriz.

Remark: In the above formula, we did not utilize the fact that
D(el,--~ ,en) =1

since this one step in the proof is the only place where Axiom 4 would be used, so we can
(and shall) use the fact that this result holds for any function which only satisfies Axioms
1-3.

PRrOOF: This is just a recipe for carrying out the reduction. It essentially is a repetition
of the last part of the preceding lemma. Instead of waving our hands at the procedure, we
shall work out a representative

ExAMPLE: Evaluate

D = D(X1,X2,X3,X4) =

by reducing it to a lower triangular determinant.

First we get all zeros to the right of the diagonal in the first row, that is, except in the
a11 slot, by multiplying X7 by the constants —2,1 and 0 and adding the resulting vectors
to X9, X3, and Xy, respectively. We obtain

1 2 -1 0 1 0 -1 0 1 00
D -1 -2 3 1 _ -1 0 3 1 _ -1 0 2 1

0o -1 4 -3 0 -1 4 -3 0 -1 4 —

2 5 0 1 2 1 0 1 2 1 2 1

Now we get all zeros to the right of the diagonal in the second row. Since the new a9 ele-
ment above is zero, interchange the second and third columns (one could have interchanged
the second and fourth). This introduces a factor of —1 (by Theorem 21, part 5). Then
multiply the new second column by the constants 0 and —% , respectively, and add to the
last two columns, respectively. This gives

1 00 0 10 0 0 10 0 0
p_|-1 02 1]_|-12 0 1| |-12 0 0
0 -1 4 -3 04 -1 -3 04 -1 =5
2 1.2 1 2 2 1 1 2.2 1 0
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And on the third row, where we again want all zeros to the right of the diagonal, so multiply
the new third column by —5 and add it to the fourth column:

10 0 0 10 0 0
-1 2 0 0 -1 2 0 0
2 2 1 0 2 2 1 -5

where we have used the lemma about determinants of lower triangular matrices to evaluate
the last determinant.
Uniqueness is now elementary.

Theorem 5.25 . There is at most one function
D(X17"' 7Xn)7 XREan
which satisfies the 4 axioms for a determinant function.

PROOF: Assume there are two such functions,
D(Xy,--+, Xn)

and

D(X1,---, Xn).
Let

A(Xla 7Xn) :D(Xla 7Xn)*D(X17 7Xn)
We shall show A(Xp,---,X,) =0 for any choice of Xi,---,X, . Since both D and D
satisfy Axioms 1-4, we have
1). A =D — D is real valued. )
2). A(..,AXj,..)=D(.... \Xj,...) = D(...,\Xj,...)

=AD(...,X;,...) = AD(..., Xj,...)

“ AL XS,

3). A, Xj+Xp,..)=D(..,X;+ Xp,..) = D(..., X; + Xp,...)

=A(..X;,..), ik

4). A(ei,...,en) = D(e1,...,en) — D(e1,...,en) =1—1=0. Thus, A satisfies the
same first three axioms but A(ey,...,e,) = 0 in place of Axiom 4. Because the proof of
Theorem 22 and its predecessors never used Axiom 4, we know that

A(X1,...,X,) = (something) A(e1,...,e,) =0.

Thus A(Xy,---,X,) =0 for any vectors X .

If it exists, the determinant function is known to be unique. We intend to define the
determinant of order n, that is, of n vectors in R™, in terms of determinants of order
n—1. The key to such an approach is a relationship between a determinant of order n and
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determinants of order n — 1. To motivate our definition, we first examine the case n = 3
and utilize the intimate relation between determinant and volume.

Let X1, X5 and X3 be three vectors in R?. To find the determinant D(X1, X2, X3),
we can resolve one of the vectors, say Xj, into its components X1 = aj1e1 + as1e2 +asies .

Since the determinant function is linear (Theorem 21, part 4),

D = D(Xl,XQ, Xg) = CLHD(el,XQ,Xg) + a21D(€2, Xg,Xg) + CL31D(€3,X2,X3).

How can we interpret D(aiie1, X2, X3),

D(aiier, X2, X3) =

ari
0
0

a2
a2
as2

ai3
a23
ass

By subtracting suitable multiples of the first column from the

D(ajier, X2, X3) =

a1l
0
0

0
a2
as2

0
a3
ass

other two, we have

Consider the related volume function. The vectors in the last matrix span a parallelepiped
whose base is the parallelogram spanned by (0, ag2,as2) and (0, ags,ass), while the height
is a11 . Thus, we expect the volume to be a1; times the area of the base. Since the area of

. asy a
the base is |det| ~22 % , we hope
az2  as3
a;; O 0
_ az2  G23
0 ag azs |=an 43 ass
0 as2 ass

except possibly for a factor of £1. This last formula is the connection between determinants
of order three and those of order two.

Notice that the determinant on the right in the last equation is obtained from that of
D = D(X1, X2, X3) by deleting both the first row and first column. It is called the 1,1
minorof D, and written D11 . More generally, the 4,7 minor D;; of D is the determinant
obtained by deleting the ith row and jth column of D. If D is of order n, then each
D;; is of order n —1.

In this notation, we expect from the expansion of D(X71, X5, X3) that

D(X1, X2, X3) = £?a11D11£%a21 D21 £731 D3y,

or
i dan fs aze G23 a2 a3 a2 a3
a1 ag a3 | = £lay +7a +7a3;
az2 ass az2 ass Q22 G23
aszr azz2 as3
where 7 indicates our doubt as to the signs. Explicit evaluation of both sides (using

Theorem 22) reveals that the correct sign pattern is +, —, +.
Having examined this special case (and the 4 x 4 case t00), we are tentatively led to
Suspicion (Expansion by Minors). If D(Xy,...,X,,) is a determinant function, that is, if
it satisfies the axioms, then
n
,Xn) =Y _(=1)ay; Dy,

=1

D(X1,Xo,. .. (5-3)
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where Xj = (alj, A5, .« - - ,anj) .

For the case n = 3,7 = 1 this is the formula we found above. To verify that the
formula is correct, we must verify that the function satisfies our axioms for a determinant.
The reasoning goes as follows: we know exactly what determinants of order two are by a
previous computation, so the formula gives a candidate for the determinant of order three,
which in turn gives a candidate for a determinant function of order four, and so on. Thus,
by induction, let us assume that determinants of order k£ — 1 are known. We must prove

Theorem 5.26 . The previous function D(Xy,...,Xy) defined by the above formula is a
determinant function, that is, it satisfies the axioms.

Proor: 1). D(Xy,..., X)) is real valued since, by our induction hypothesis, each of the
D;; , determinants of order k — 1, is real valued.

2). D(...,AX;,...) = AD(...,Xj,...). There are two cases. If [ = j, then \Xj
means that ay;,as;,..., is multiplied by A. Thus

D( .. ,)\X]’, .. ) = Z(—l)iﬂ)\ailej = AD( .. ,Xj, . .),
i=1

so the axiom is satisfied. If [ # j, then some vector X other than X is multiplied by A,
SO

Aall DY al]

Aag; az;
D(.. A Xy, Xy ) = '

A a;

Since D;; is formed by deleting the ¢th row and jth column of D, and [ # j, one
column in minor Dij will have the factor A appearing in it. By the induction hypothesis,
the factor can be pulled out of each one, and hence from any linear combination of them.
Because the expansion formula for D is a linear combination of the minors, the axiom is
verified in this case too.

3). Omitted. This one is just plain messy. If you don’t care to try the general case for
yourself, at least try the case n =3 and verify it there.

4). To prove D(eq,...,e,) = 1. Of the coefficients aij,asj,...,an;, only aj; # 0,
and aj; = 1. Thus D(ey,...,e,) = (—1)"a;;D;; = D;; . But by the induction hypoth-
esis, Dj; = 1 since it has only ones on its main diagonal and zero elsewhere. Therefore
D(ey,...,en) =1, as desired.

This theorem completes (except for one segment) the proof that a unique determinant
function exists. The uniqueness was proved directly, while the existence was obtained from
the known existence of 2 x 2 determinant functions (the simpler case of 1 x 1 determi-
nants could also have been used) and proving inductively that a candidate for the n x n
determinant function does satisfy the axioms.

Emerging from the jungle of the existence proof, we are fully equipped with the powerful
determinant function and the associated volume function. It will be relatively simple to
prove the remaining theorems involving determinants. The trick in most of them is to make
clever use of the fact that the determinant function is unique. We shall expose this trick in
its bare form.
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Theorem 5.27 . Let A(Xy,...,X,) be a function of n wvectors in R™ which satisfies
axioms 1-3 for the determinant. Then for every set of vectors Xi,...,Xn

A(Xl, “. ,Xn) == A(el, PN ,en)D(Xl,. . ,Xn)

Thus, the function A differs from D only by a constant multiplicative factor, which is the
number A assigns to the unit matriz (geometrically, the unit cube) in R™ .

Proor: If A(ey,...,e,) =1, then A satisfies Axiom 4 also, so by the uniqueness theorem,
it must be D itself. If A(ey,...,e,) # 1, consider

_ D(X1,. .., Xn) = A(X1,. .., X0n)
D(Xy,...,X,) = .
(X1, Xn) 1—Aler,...,en)

Note that the denominator is a fixed scalar which does not depend on X,...,X,,. Itisa
mental calculation to verify that D satisfies all of Axioms 1-4. Therefore D(X7,...,X,) =
D(Xy,...,X,) by uniqueness. Solving the last equation for A(Xji,...,X,) yields the
formula.

Consider D(X1,...,X,). If B=((b;;)) is a square n xn matrix representing a linear
transformation from R™ to R™, how are D(Xi,...,X,) and D(BX;,BXy,...,BX,)
related? The answer to this question is vital if we are to find how volume varies under a
linear transformation B. If A = ((a;;)) is the matrix whose columns are Xi,..., X, , and
C = ((ci5)) is the matrix whose columns are BXy, BXy,...,BX, , then C = BA [since,
for example, c11 —the first element in the vector BX7 —is

c11 = biiay + bigasy + bigasy + - -+ + bipana .|

Because D(Xj,...,X,) =detA and D(BXi,...,BX,) = detC, our question becomes
one of relating det C' = det(BA) to det A. The result is as simple as one could possibly
expect.

Theorem 5.28 . If A and B are two n X n matrices, then
det(BA) = (det B)(det A) = (det A)(det B) = det(AB)
or, if X1,...,X, are the column vectors of A, then this is equivalent to
D(BXi,...,BX,) = D(Bey,Bey,...,Be,)D(Xy,...,X,)
(since the matriz whose columns are Be,...,Be, is just B ).

PrOOF: Let A(Xy,...,Xy) := D(BXj,...,BX,). This function clearly satisfies Axiom
1. We shall verify Axioms 2 and 3 at the same time.

A AXj+pXy,...) =D(..,BAAX, + pXg),...)
Because B is a linear transformation, we have
=D(...,ABX; + uBXy,...).
By the linearity of D (Theorem 21, part 4)

=AD(...,BX,,...)+uD(...,BXy,...).



5.3. VOLUME, DETERMINANTS, AND LINEAR ALGEBRAIC EQUATIONS. 229

If j # k, then the vector BXj in the second term on the right also appears as another
column in the same determinant. Hence the second term vanishes. Thus if j # k,

A(...,)\Xj—i—ﬂXk,...):/\D(...,BXJ' o).

The special case p = 0 shows Axiom 2 holds for A, while the case A = u = 1 verifies
Axiom 3. Therefore A satisfies Axioms 1-3. Applying the preceding Theorem (25), we
have

A(Xl, ce ,Xn> = A(el, ce ,en)D(Xl, ey Xn)

By definition, A(eq,...,e,) := D(Bey,...,Be,). Substitution verifies our formula. The

commutativity
(det B)(det A) = (det A)(det B)

follows from the fact that det A and det B are real numbers - which do commute under
multiplications.
Corollary 5.29 . If A is an invertible matriz, then

1

det(A™1) = ot A

PROOF: Since AA™' =1, and detI =1, we find
(det A)(det A7) = det(AA™) =det I = 1.

Ordinary division completes the proof.
Our next theorem is also a corollary, but because of its importance, we call it

Theorem 5.30 . The vectors Xi,...,X, in R™ are linearly independent if and only if
D(Xy,...,X,) #0.

Proor: < If D(Xy,...,X,) # 0, then the vectors X;,...,X,, are linearly independent,
since if they were dependent, then D = 0 by part 3 of Theorem 21.

=. If Xy,...,X, are linearly independent vectors in R", then the Corollary to
Theorem 12 (p. 364) shows that the matrix A whose columns are the X; is invertible.
Let A~! be its inverse. From the computation in the corollary preceding this theorem,

(det A)(det A1) = 1.

Thus the real number det A cannot be zero. The equivalent form of our theorem is also a
consequence of the Corollary to Theorem 12.

ExXAMPLE: (cf. p. 157, Ex. 1b). Are the vectors
X1=(0,1,1), X2=1(0,0,-1), X3=1(0,2,3)

linearly dependent? We compute the determinant

0
D(X17X27X3) =1
1

= o O
w N o
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If we knew that “the determinant of a matrix was equal to the determinant of its adjoint”
(a true theorem to be proved below), then taking the adjoint we get a matrix with one
column zero 0 which gives D = 0. Since the quoted theorem is not yet proved, we proceed
differently and reduce our 3 x 3 determinant to 2 x 2 determinants expanding by minors
(p. 411). The simplest column to use is the second.

0 0
L0 2 |o (|l 2 0 0
L 13 13

w N O

-+

0 0
_1\3+2/_
\+<1> <1>\1 2'
0 0
_'12‘_02—10_0

by the explicit formula for evaluating 2 x 2 determinants. Thus D = 0 so the vectors
X1, X9, X3 are linearly dependent.

That nice theorem we could have used in the above example is our next target.

Theorem 5.31 . If A is an n X n matriz, then

det A* = det A.

Proor: Let Aq,...,A, be the columns of A and B,..., B, its rows,

air a2 - Qin By
a21 .« .. .« .. a2n } 32
A= '
anl PR PR a/nn } Bn
Consider the function
air o oam |} A
a2 :
D(By,...,B,) = . . - =det A*.

Aln Ann } An

since the rows of A are the columns of A*. Let us define a new function
D(A1,...,An) :== D(By,...,By).
Our task is to verify that ﬁ(ﬂl, ..., Ap) satisfies all of Axioms 1-4. Then by uniqueness
det A* := D(Ay,...,An) = D(Aq, ..., Ap) = det A.

(1) D(Ay,...,A,) is a real number since det A*, the determinant of the matrix A* is
a real number.
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(2) We must show D(... N AD(. .. ,Aj,...), that is,

aiil az; -+ Qnl aix - Aapl
)\alj )\agj . )\anj -\ alj cee CLnj
Aln ce ce Ann Alp *°°  Anpn

(a fact we only know so far if a column is multiplied by a scalar). Trick: observe that

air - Aapl
1 0 0
) 0 1 0
jth row... 0 . v 10 aiyj o Gpj
0 0... 01
Alp  *°°  Onpn
aiy -+ Aapl
— alj anj
Ain  *°  Qpn

The matrix on the left is the identity matrix I except for a A in its jth row and
j th column. Its determinant is A (since you can factor A from the jth column and
are left with the identity matrix). By Theorem 26, the determinant of the product
on the left is )\f)(fll, ..., Ap) while the right is ﬁ(ﬂl, ..., An), proving D satisfies

Axiom 2.

(3) The proof of Axiom 3 involves a similar trick. We have to show D(...,A;+Ay,...) =
D(...,Aj,...) where j # k, that is, to show

a1 to Gn1 aix - Gpl

15+ a1k GpjtQpk | | Q15 Gpj ik
= , .

Aln te Ann A1p  °  Qpp
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Observe that

aip anl ail e Gnl
1 0 0
0 1

ayj 0 Gnj | | aijtaig o Anjtang
- M

0 0 0
0 0 1

Qln - QOnpn Q1n te Gnn

where the matrix on the left is the identity matrix with an extra 1 in the jth row, kth
column. Since the determinant of this matrix is one (check by a mental computation),
the rule for the determinant of a product of matrices shows that Axiom 3 is satisfied.

(4) Easy, for

>
—_
— o O O

This verification of the four Axioms coupled with the remarks at the beginning of the
proof completes the proof.

Corollary 5.32 . The column operations of Theorem 21 are also valid as row operations.

PROOF: Every row operation on a matrix A (like adding two rows) can be split up to : i)
take A* so the rows become columns, ii) carry out the operation on the column of A* and
iii) take the adjoint again. Since the determinant does not change under these operations,
we are done.

Corollary 5.33 . If R s an orthogonal matriz then
det R = +1.
PRrROOF: If R is orthogonal, then R*R = I by Theorem 19 (p. 383). Thus,
a = det I = det(R*R) = (det R*)(det R) = (det R)?,

where Theorems 25 and 27 were invoked once each. Now take the square root of both sides.
The orthogonal matrices

10 0 1
R1:(0 1> and Rgz(l 0>,

for which det Ry =1 and det Ry = —1 show that both signs are possible. If det R = —1,
then the orthogonal transformation has not only been a rotation but also a reflection. The
transformation given by Ry is

| A FIGURE GOES HERE |
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which can be thought of as the composition (product) of a rotation by +90° followed
by a reflection (mirror image). In fact, Ry may be factored into RR = ry, where

(b )2 0)=(00)=m

| A FIGURE GOES HERE |

Pictorially

Our theorems about determinants also imply the following valuable result about volume.

Theorem 5.34 . Let Xq,...,X, span a parallelepiped Q in E™ and the matrix A map
E™ into E™. Then the volume is magnified by |det A|, that is,

VIAXy, ..., AX,] = |det A| V[X1,. .., X,].
If we denote the image of Q by A(Q), then this theorem reads
Vol[A(Q)] = |det A|  Vol[Q].

PROOF: [We should first prove that there is at most one volume function V' satisfying its
four axioms. Since V := |D| is a volume function, assume there is another volume function

V* and define D(Xl,...,Xn) by

- {V*(Xl,...,Xn)D(Xl,...,Xn) i D#O

DXy, Xa)i= g POl o,

It is simple to check that D satisfies the axioms for a determinant. By uniqueness, D = D .
Solving the last equation, we find V*(X1,...,X,) =|D(X,...,X,)| =V (Xy,...,Xy), so
the volume function is also unique.]

The theorem is easily proved. Since V' = |D|, an application of Theorem 26 tells us
that

VIAXy,...,AX,] = |D(AX,,..., AX,)|
= |D(Aey, ..., Aey)|  |D(Xis...,X0)]
= |det A| V[X1,..., X,

Done.

Corollary 5.35 . Volume is invariant under an orthogonal transformation.
V(RQ) =V(Q)

PRrROOF: If R is an orthogonal transformation, |det R| =1.

Remark 1. Since we eventually want to define the volume of suitable sets by approximating
the sets by parallelepipeds, this theorem will allow us to conclude the same results about how
the volume of some set changes under a linear transformation in general and an orthogonal
transformation in particular.
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REMARK: 2 We define the determinant of a linear transformation L which maps R™ into
R" as the determinant of a matrix which represents L. This definition makes it mandatory
to prove: “the determinant of two different matrices which represent L (different because
of a different choice of bases) are equal.” However the theorem is an immediate consequence
of the following fact we never proved: “if A and B are matrices which represent the same
linear transformation L with respect to different bases then there is a nonsingular matrix
C such that B = CAC~'.” The matrix C is the matrix expressing one set of bases vectors
in terms of the other bases. Using this theorem, we find

det B = det(CAC™') = (det C)(det A)(det C~') = det A.

How does volume change under a translation T, TX = X + Xg7? A little thought is
needed. Imagine a parallelepiped ) spanned by Xi,..., X, . The crux of the matter is to
realize that the parallelepiped has the origin as one of its vertices and Xi,..., X, at the
others. Under the translation 7', not only do the Xj’s get translated through Xg, but so
does the origin, 0 — Xo, X1 — X1+ Xy, Xo— Xo+4 X, etc.

| A FIGURE GOES HERE |

In terms of free vectors, the edge from 0 to X; becomes the edge from X, to X;+ Xy
(see figure). Thus the free vector representing this edge is (X; + Xo) — Xo, that is, it is
still X;! This motivates the
DEFINITION: The volume of a parallelepiped is defined to be the volume of the parallelepiped
after translating one vertex to the origin.

Theorem 5.36 . The change in volume of a parallelepiped Q) under an affine transforma-
tion AX = LX + Xo, L linear, is given by:
Vol[A(Q)] = |det L| Vol[Q)].

In particular, volume is invariant under a rigid body transformation (for then L is an
orthogonal transformation).

PrOOF: The affine transformation may be factored into A = T'L, a linear transformation
followed by a translation (p. 380). Since L changes volume by |det L| while translation
preserves the volume, the net result is a change by |det L| as claimed.

a) Application to Linear Equations

What have our geometrically motivated determinants in common with the determinants
of high school fame - where they were used to solve systems of linear algebraic equations?
Everything, for they are the same. Since determinants are defined only for square matrices,
they are applicable to linear algebraic equations only when there are the same number of
equations as unknowns. At the end of this section, we shall make some remarks about the
case when the number of equations and unknowns are not equal.

Consider the system of equations

anTy+ -+ anTn = Y1

a21T1 + -+ + a2 Ty = Y2

Ap1x1 + - + ApnTp = Yn,
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which we can write as
r1 AL+ oAy =Y

where A; is the jth column of the matrix A = ((ai;)) and Y is the obvious column
vector. The problem is to find numbers xi,...,x, such that x1A; + -+ z,A, =Y,
where Y is given.

Theorem 5.37 . Let A = ((a;j)) be a square n x n matriz and Y a given vector. The
system of linear algebraic equations AX =Y can always be solved for X if and only if
det A # 0. This can be rephrased as, A 1is invertible if and only if det A #0.

PRrOOF: Let A; be the jth vector of A. Each A; is a vector in R". If detA # 0,
then the A, ’s are linearly independent by Theorem 27, p. 417. But since they are linearly
independent and there are n of them, Aj,--- , A, , they must span R". Thus, any Y € R"
can be written as a linear combination of the A;’s. The numbers x1,---,z, are just the
coefficients in this linear combination.

Conversely, if the equations AX =Y can be solved for any Y € R™, then the vec-
tors Aq,---, A, span R"™. But if n vectors span R", these vectors must be linearly
independent, so det A # 0, again by Theorem 27, page 417.

Theorem 5.38 . Let A be a square matrixz. The system of homogeneous equations AX =
0 has a non-trivial solution if and only if det A =10.

PRrROOF: By Theorem 27, Page 417, det A = 0 if and only if the column vectors Ay,..., A,

are linearly dependent. Now if the column vectors Ai,...,A, are linearly dependent,
then there are numbers zx1,...,x,, not all zero, such that z1Ay + ...+ z,A, = 0. The
vector X = (x1,...,x,) is then a non-trivial solution of AX = 0. Conversely, if there is

a non-trivial solution of AX =0, then z1Ay +--- 4+ z,A4, = 0, so the A;’s are linearly
dependent. Hence det A =0.

In contrast to the above theorems which give no hint of a procedure for finding the
desired vector X , the next theorem gives an explicit formula for the solution of AX =Y .

Theorem 5.39 (Cramer’s Rule). Let A = ((ai;)) be a square n x n matriz with columns
Ai,... An . Assume det A £ 0. Then for any vector Y , the solution of AX =Y is

S D(Y, Az, ..., An) I D(A1,Y, Az, ..., An)
YT DAL, A 2T T D(AL,.. Ay
S D(Ay,...,Ap_1,Y)
" D(A1, ..., An)
For example, in detail, the formula for xo is
air Yyr aiz -+ QAin
Gpl Yn An3 - Gpp
Tro =

ailp a2 a3 RN 4T

Gpl Ap2 anp3 - Gpp



236 CHAPTER 5. MATRIX REPRESENTATION

PROOF: A snap. Since det A # 0, by Theorem 31 we know a solution X = (z1,...,x,)
exists. Thus z1 A1+ -+ z,A, =Y . Let us obtain the formula for x5 as a representative
case. Observe that

D(‘Alv}/a‘Afiv o 7-An) = D(Al,l'l.Al + - +xn~An7 'A37 e 7-ATL)
Since D is multilinear, we can expand the above to
= xlD('AlwAlVAg? U 7‘A7’l) + an(‘AlwAQVAg? U 7‘ATL) +---+ an(Aly-ANwA?) te An)

Now all of these determinants, except the second one, vanishes since each has two identical
columns (part 5 of Theorem 21, page 400). Thus

D(.Al, }/,.Ag, -,.An) = l'QD(.Al,.AQ, s ,.An).

Because det A = D(Ay,---,A,) # 0, we can divide to find the desired formula for zj.
Done.

REMARK: This elegant formula is mainly of theoretical use. It is not the most efficient
procedure for solving such equations. That honor belongs to the method of reducing to
triangular form which was outlined in the proof of Theorem 22. To be more vivid, if
Cramer’s rule were used to solve a system of 26 equations, approximately (23 + 1)! ~ 10?8
multiplications would be required. Reduction to triangular form, on the other hand, would
only require about (1/3)(23)3 ~ 6000 multiplications. Think about that.

For non-square matrices, determinants are not applicable. Given a vector Y , one would
still like a criterion to determine if one can solve AX =Y | that is, one would like a criterion
tosee if Y € R(A4).

Theorem 5.40 . Let L: Vi — V5 be a linear operator. Then
R(L)* = N(L*);

or equivalently (for finite dimensional spaces)

ProoF: If X € V,and Y € R(L)*, then for all X
0= (Y, LX) = (L*Y, X).

This means L*Y is orthogonal to all X, consequently, L*Y = 0, so Y € N(L*). The
converse is proved by observing that our steps are reversible.
Application. For what vectors Y = (y1,¥2,¥y3) can you solve the equations

2581,—’—3.%2 =
T — T2 = Y2
r1 + 229 = Y3 ?
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If the equations are written as AX = Y, then by the above theorem Y € R(A) if and
only if Y, N(A*). Let us find a basis for N(A*). This means solving the homogeneous
equations A*Z =0,

221+ 29 +23=0
321 — 20+ 223 = 0.

If we let z; = «, and solve the resulting equations for zs and z3, we find that z3 =
—5a/3 and 29 = —1la/3. Consequently, all vectors Z € (A*) have the form Z =
(3, =11, —5r) . A basis for N(A*) is e = (3, —11,—5) . Therefore, Y} N(A*) if and only
if 3y; — 11ys — bys = 0. By the above reasoning, the equation AX =Y can be solved for
only these Y ’s.

REMARK: The use of Theorem 34 as a criterion for finding if ¥ € R(L) is much more
valuable in infinite dimensional spaces, for it quite often turns out that N(L*) is still finite
dimensional while R(L) is infinite dimensional. For more on these ideas, see page 389,
Exercise 12 and page 501 Exercises 27- 29.

Exercises

(1) Evaluate the following determinants as you see fit:

7 3 15
2
a). 5 1| b). 3 4
-10 -2 3 53 17 29 1 g 2 (1)
c). -3 2 11, d). | 36 12 39 |, e). 01 -5 6
5 0 -1 69 23 75 1 9 3 4
9 1 1 1 a 1 0 O 0
12 1 1 b1 0 O 0
f). , g. | c 00 1 —b
11 2 1
111 9 c 00 1 —a
d el f g

[Answers: a) —13,b) 17,¢) —14,d) 6,¢) 5, g) —(b—a)?].

(2) If A and B are the matrices whose respective determinants appear in #1 a) and
b), compute det(AB) by first finding AB. Compare with (det A)(det B) .

(3) a). Use Cramer’s rule (Theorem 33) to solve the equation AX =Y , where A is given
below. Then observe you have computed A~!, so exhibit it.

1 1 1 1 6 8 2
A=|2 -3 -1 |. [A‘1:% -6 -3 3 |[]
4 9 1 30 -5 -5

b). Use the formula for A~! to solve the equations

AX =Y where Y =(1,2,0).
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a). Find the volume of the parallelepiped @ in E3 which is spanned by the vectors
X;=(1,1,1), Xo =(2,-1,-3) and X3 = (4,1,9). [Answer: Volume = 30].

b). The matrix A,

-10 -2 3
A= -3 2 1 — (cf. #1,¢)
5 0 -1

maps E? into itself. Find the volume of the image of @, that is, the volume of A(Q).
[Answer: 420].

Let B = A — Al where A is a square matrix. The values A for which B is singular
are called the eigenvalues of A. Find the eigenvalues for

@.A:(i_f), b).A:(i’_f).
@.A:(‘é Z)

[Hint: If B is singular, then 0 = det B = det(A—\I). Now observe that det(A—AI)
is a polynomial in A. The answer to ¢) is A = 3(a+d + /(a+ d)? — 4(ad — be))).

For what value(s) of « are the vectors
X1=1(1,2,3), X2=1(2,0,1), X3=(0,c0,—1)
linearly dependent?
If X1,X5,X3 and Y;,Ys,Ys are vectors in R3 | prove that
D[X1, X9, X3] — D[Y1,Ys,Y3]
= D[X; — Y1, X9, X3] + D[ X1, X9 — Yo, X3] + D[X1, X2, X3 — Y3].
[Hint: First work out the corresponding formula for the 2 x 2 case.]

Here you shall compute the derivative of a determinant if the coefficients of A = ((a;;))
depend on t,a;;(t) . Let Xi(t),..., X, (t) be the vectors which constitute the columns
of A. The problem is to compute

air(t), -, ain(t)

dD(t)  d d
= DXL X)) =

anl(t)a Tty ann(t)
a). Use Exercise 7 (generalized to n x n matrices) to show

D(t+ At) — D(t) = DX (t + At), Xo(t + At),...] — D[X1(t), Xa(t),.. ]

= DIXi(t),.... X 1(t), X;(t+ At) — X;(t), X1 (t + Ab), .. ]
j=1
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[Hint: Do the cases n =2 and n =3 first].
b). Use part a to show that

dD Y [D(t + At) — D(t)

dt T Ao At
n
dX;
- ZD[XD . '7Xj—17 7;7Xj+17 .- '7XTL]7
j=1

so the derivative of a determinant is found by taking the derivative one column at a
time and adding the result.

(9) Let wi(t), and us(t) be solutions of the differential equation
u" 4+ a1 (t)u + ao(t)u = 0.

Consider the Wronski determinant

| walt) ua(t)
Wl )= L) i
(a) Use Exercise 8 to prove
dW
W = —ai (t)W

(b) Consequently, show
¢
W (t) = W (to) exp {—/ ai(s) ds} :
to

(c) Apply this to show that if the vectors (u1(t), w}(t)) and (ua(t),u5(t)) are linearly
independent at ¢t = ¢y, then they are always linearly independent.

(d) Let uq(t)...,un(t) be solutions of the differential equation

u™ 4 a4y (OuY @y ()Y ag(t)u = 0.

Consider the Wronski determinant of wq,...,u,
ul u2 DY un
W(uy, ... u,) =
ugnfl) agnf) uglnfl)

Prove aW

— = —an_1(t)W,

dt n-1(t)
So again
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(e) Use part d) to conclude that the n vectors

_1 1 _
(ul,u&,...,ugn )),(ug,ulz,...,ugn ),),~~-(un,u’n,...,u,(1” 1))

(where the wu; are solutions of the O.D.E.) are linearly independent for all ¢ if
and only if they are so at t =tg.

(10) A matrix A is upper (lower) triangular if all the elements below (above) the main
diagonal are zero,

aiy aiz - ap
_ 0 a9
A= 0 0 .
0 0 - an

If A is upper (or lower) triangular, prove again that
det A = aj1a92...ann-

by expanding by minors. What is the relation of this result to the exercise ( #4, p.
157) on echelon form?

(11) Let Xi,...,X, be vectors in R” and let D(X1,...,X,) be a real valued function
which has properties 1 and 4 of Theorem 21. Thus D is skew-symmetric, and is
linear in each of its columns. Prove D necessarily satisfies Axioms 2 and 3 for the
determinant, and conclude that

D(X1,...,Xn) =kD(X1,...,X»),
where the constant k= D(ey,...,ep).

(12) Let uy(t),...,un(t) be sufficiently differentiable functions (C™~! is enough). Define
the Wronskian as in Exercise 9 part d. Prove that if the functions wui,...,u, are
linearly dependent, then W(t) = 0. Thus, if W (tg) # 0, the functions are linearly
independent in any interval containing ¢y . [Do not try to apply the result of Exercise
9 for it is not applicable].

(13) (a) If I is the n x n identity matrix, evaluate det(A) where X is a constant.

(b) If A is an n X n matrix, prove
det(AA) = A" det A.
(¢c) If A or B are n x n matrices, is

det(A + B) = det A + det B?
Proof or counterexample.
(14) For what value of «a does the system of equations

r+2y+2=0
—2x4+ay+22=0
T+2y+32=0

have more than one solution?
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(15) A matrix is nilpotent if some power of it is zero, that is, AN = 0 for some positive
integer IV . Prove that if A is nilpotent, then det A =0.

(16) (a) Solve the systems of equations
)z+y=1, x—9y=-1
and
i) z+y=1, x—11ly=-1,
and compare your solutions, which should be almost the same.
(b) Solve the systems of equations
)ez+y=1, z+ .9y=-1,
and
z+y=1, z+1.1y=—-1.
and again compare your solutions. Explain the result in terms of the theory in

this section.

(c) Consider the solution of the systems of equations

r+y=1
4oy =-—1
as the point where the lines  +y = 1 and =z 4+ ay = —1 intersect. Sketch

the graph of these lines for o« near —1 and then for o near +1. Use these
observations to again explain the phenomena in parts a) and b).

(17) Let A, be the n xn determinant of a matrix with a’s along the main diagonal and
b’s on the two “off diagonals” directly above and below the main diagonal. Thus

a b 0 0 0
b a b 00
A5: 0 b a b 0
0 0 b a b
0 00 b a

(a) Prove A, =al,_ 1 —b*A, 5.
(b) Compute A; and As by hand. Then use the formula to compute Az and Ay .
(c) If a? # 4b* | can you show

Ay, =

n+1 n+1
1 a+ Va2 — 4b? B a —va? — 4b? " )
va? — 4h? 2 2 .

Later, we shall give a method for obtaining this directly from the equation of part a).
[p. 522-523].

(18) Prove Part 5 of Theorem 21 using only the axioms and no other part of Theorem 21.
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Apply the result of Exercise 12 on page 389. Try to prove the following. A is a square
matrix.

a). dim N(A) = dim N(A*).

Thus, the homogeneous equation AX = 0 has the same number of linearly indepen-
dent solutions as does the equation A*Z =0.

b). Let Z1,...,Z; span N(A*). Then the inhomogeneous equation
AX =Y
has a solution, that is, ¥ € R(A), if and only if
(Z;,Y)=0, j=1,2,...k
In other words, the equation AX =Y has a solution if and only if Y is orthogonal
to the solutions of the homogeneous adjoint equation.
c¢). Consider the system of linear equations
2r —3y+z2=1

—3Jr+2y—4z=a
x—4y —2z = 0.

Let A be the coefficient matrix. Find a basis for N(A*). [Answer: dimN(A*) =1
and Z; = (2,1,—1) is a basis|. For what value(s) of the constants «, 3 can you solve
the given system of equations? [Answer: There is a solution if and only if f—a =2 ]
Find a solution if « =1 and §=3.

d). Repeat part c) for the system of equations

r—y=1
r—2y=-1
x4+ 3y = a.

[Answer: dimN(A) =1 and Z; = (—5,4,1) is a basis. There is a solution if and
only if a=—1].

Use the result of Exercise 12 to prove that each of the following sets of functions are
linearly independent everywhere.

a) uj(z) =sinz, ug(x) = cosx

b) wui(z) = sinnz, ug(z) = cosmz, where n # 0.

c) ui(z) = €%, ug(x) = %, ug(x) = 2.

d) ui(z) = e® ug(x) = e, uz(x) = e, where a,b, and c¢ are distinct numbers.
e) ui(z) =1, us(z) = z, uz(z) = 22, uy(z) = 23

f) up(z) =€*, ug(x) = e *, ug(x) = ze®, uy(x) = ve *.
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5.4 An Application to Genetics

A mathematical model is developed and solved. Although this particular model will be
motivated by genetics, the resulting mathematical problem also arises in sociometrics and
statistical mechanics as well as many other places. In the literature you will find these
mathematical ideas listed under the title Markov chains.

Part of the value you should glean from our discourse is insight into the process of
going from vague qualitative phenomena to setting up a quantitative model. One part of
this scientific process we shall not have time to investigate in detail is the very important step
of comparing the quantitative results with experimental data. Furthermore, we shall never
delve into the fertile realm of generalizing our accumulated knowledge to more complicated
- as well as more interesting and realistic - situations.

In bisexual mating, the genes of the resulting offspring occur in pairs, one gene in
each pair being contributed by each parent. Consider the simplest case of a trait which is
determined by a single pair of genes, each of which is one of two types g and G . Thus, the
father contributes G or g to the pair, and the mother does likewise. Since experimental
results show that the pair Gg is identical to the pair gG , the offspring has one of the three
pairs

GG Gg gg.

The gene G dominates g if the resulting offspring with genetic types GG and Gg “appear”
identical but both are different from gg. In this case, an individual with genetic type GG
is called dominant, while the types gg and Gg are called recessive and hybrid, respectively.

An offspring can have the pair GG (resp. gg) if and only if both parents contributed
a gene of type G (resp. g) while the combination Gg occurs if either parent contributed
G and the other ¢g. A fundamental assumption we shall make is that a parent with genetic
type ab can only contribute a gene of type a or of type b. This assumption ignores such
things as radioactivity as a genetic force. Thus, a dominant parent, GG can only contribute
a dominant gene, G, a recessive parent, gg, can only contribute g, and a hybrid parent
Gg can contribute either G or g (with equal probability). Consequently, if two hybrids
are mated, the offspring has probability % of getting G or ¢ from each parent, so the
probability of his having genetic type GG of gg is i each, while the probability of having
genetic type Gg is %

We introduce a probability vector V' = (v1,ve,v3), with v; representing the probability
of being genetic type GG, vs of being type Gg, and v3 of being type gg. Thus for an
offspring of two hybrid parents, V = (i, %, i) . Observe that, by definition of probability,
0<w9v;<1,j=1,23,and vy +vy+ v3 =1 (since with probability one - certainty - the
offspring is either GG, Gg, or gg).

Consider the issue of mating an individual whose genetic type is unknown with an
individual of known genetic type (dominant, hybrid or recessive). To be specific, assume
the known person is of dominant type. Then the following matrix of transition probabilities

1 1/2 0
D=0 1/2 1
0 0 0

describes the probability of the offspring’s genetic type in the following sense: if the unknown
parent had genetic type Vy (so Vo = (1,0,0) if unknown was dominant, Vy = (0,1,0) if
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hybrid, and Vy = (0,0,1) if recessive), then
Vi = D%a

is the probability vector of the offspring. For example, if the unknown parent was hy-
brid, then Vi = DV = (%, %, 0). Thus the offspring can, with equal likelihood, be either
dominant or hybrid, but cannot be recessive.

Notice that the matrix D embodies the fact that one of the parents is dominant.

If the individual of unknown genetic type were crossed with an individual of hybrid

type, then the corresponding matrix H is

1 1

PR
Tl )

0 7 3

while if the person of unknown type were crossed with the individual of recessive type, then

000
R=|1 4% 0
0 5 1

It is of interest to investigate the question of genetic stability under various circum-
stances. Say we begin with an individual of unknown genetic type and cross it with a
dominant individual, then cross that offspring with another dominant individual, and so
on, always mating the resulting offspring with a dominant individual. Let V,, represent the
genetic probability vector for the offspring in the nth generation. Then

Vn = DVn—l - DZVn—2 == Dn%7

where Vj is the unknown vector for the initial parent (of unknown genetic type). Without
knowing Vp, can we predict the eventual (n — oo) genetic types of the offspring? Intu-
itively, we expect that no matter what the type of the initial parent, the repeated mating
with a dominant individual will produce a dominant strain. The question we are asking is,

does lim V,, exist, and if so, what is it?
n—oo

Assume for the moment that the limit does exist and denote it by V. Then V = DV
since
V= 1lim V, = lim V,4; = lim DV, = D(lim V,) = DV
n—oo n—oo

n—oo n—oo
Armed with the equation DV = V| we can solve linear equations for the vector V =
(1}1,1}2,1}3)

1
Ul+§7)2+0:?}1

1
0—1—51)2—1—1)3:@2

0+0+0:U3.

Clearly v1 = vy = v3 = 0 is a trivial solution. A non-trivial one can be found by transposing
the v;’s to the left side and solving. We find v; = 1,v9 = 0,v3 = O(v;1 = 1 since
v +v2 +v3 = 1). Thus, if the limit V,, exists, the limit must be V = (1,0,0). In
genetic terms, this sustains our feeling that the offspring will eventually become genetically
dominant.
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But does the limit exist? To prove it does, we must show for any probability vector
Vo = (v1,v2,v3), where vy + vy + vz = 1, that the limit

lim V,, = lim D"V},

n—oo n—oo

exists and equals V = (1,0,0). By evaluating D, D?, and D? explicitly, we are led to
guess

1 1
PO L
= PR -1 ,
0 0 0

which is then easily verified using mathematical induction. Thus

v+ (I—g52) + (1—57)vs
Vio=D"Vo=| 0 4+ 02 + 5703
0 + 0 + 0

v+ vatvs —  3(v2+ 2v3)
1 1
= w2 + ga-TU3

Since v; +vg +wv3 =1, we find

1 1 -1
Vo =D"Vp = 0 + 7(02 + 21]3) 1
o) 0

It is now clear that the limit as n — oo does exist, and is V' = (1,0,0) . Consequently, if we
begin with a random individual (you) and mate that individual and the successive offspring
with a dominant gene bearer, then the resulting generations will tend to all dominant
individuals. Moreover, the process proceeds exponentially because the “damping factor” is
essentially % for each generation (see above formula).

Were there enough time, you would see a second application of matrices to the special
theory of relativity. Given your knowledge of linear spaces, it is possible to present an
elegant exposition of the theory. The Lorentz transformation would appear as an orthogonal
transformation - a rotation - in world space or Minkowski’s space as it is often called. This
is a four dimensional space three of whose dimension are those of ordinary space, while
the fourth dimension is an imaginary (i = y/—1) time dimension. Goldstein’s Classical
Mechanics contains the topic. Regrettably, he does not begin with the Michelson - Morley
experiment but rather plunges immediately into mathematical technicalities.

Exercises

1. If you begin with an individual of unknown genetic type and cross it with a hybrid
individual and then cross the successive offspring with hybrids, does the resulting strain
approach equilibrium? If so, what is it?

2. Same as 1 but you mate an individual of unknown type with a recessive individual.

3. Beginning with an individual of unknown genetic type, you mate it with a dominant
individual, mate the offspring with a hybrid, mate that offspring with a dominant, and
continue mating alternate generations with dominants and hybrids respectively. Does the
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resulting strain approach equilibrium? If so, what is it? (You will need to define equilibrium
to cope with this problem. There are several reasonable definitions.)

4. a). The city X has found that each year 5% of the city dwellers move to the suburbs,
while only 1% of the suburbanites move to the city. Assuming the total population of the
city plus suburb does not change, show that the matrix of transition probabilities is

95 .01
P= ( .05 .99 > ’

where a vector V' = (v1,v2) = (proportion of people in city, proportion of people in suburb).

b). Given any initial population distribution V', does the population approach an
equilibrium distribution? If so, find it.
5. A long queue in front of a Moscow market in the Stalin era sees the butcher whisper to
the first in line. He tells her “Yes, there is steak today.” She tells the one behind her and so
on down the line. However, Moscow housewives are not reliable transmitters. If one is told
“yes”, there is only an 80% chance she’ll report “yes” to the person behind her. On the
other hand, being optimistic, if one hears “no”, she will report “yes” 40% of the time. If
the queue is very long, what fraction of them will hear “there is no steak”? [This problem

can be solved without finding a formula for P™, although you might find it a challenge to
find the formulal.

5.5 A pause to find out where we are

We all know the homily about the forest and the trees. The next few pages are about
the forest.

In the beginning we introduced dead linear spaces with their algebraic structure (Chap-
ter II). Then we investigated the geometry induced by defining an inner product on a linear
space and saw how easily many of the results in Euclidean geometry generalize (Chapter
I1I).

Our next step was to consider mappings, linear mappings, between linear spaces (Chap-
ter IV). Not much could be said in general, so we began investigating a particular case, linear
maps between finite dimensional spaces. Two important special cases of this

L:R' 5 R",
and

L:R" — R},
were treated before the general case,

L:R" — R™.

A key theorem which facilitates the theory of linear mappings between finite dimensional
spaces is the representation theorem (page 374): every such map can be represented as a
matrix.

What next? There are two equally reasonable alternatives:
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(A)

We can continue with linear maps,
L:Vi — Vs,

and consider the case where Vi or Vs, or both are infinite dimensional. The general
theory here is in its youth and still undeveloped. Only one of the sources of difficulty
is that a generalization of the representation theorem (page 374) remains unknown
- except for some special cases. Thus, many special types of mappings have to be
investigated individually. We shall consider only one type of linear mapping between
infinite dimensional spaces, those defined by linear differential operators (Chapter VI
and Chapter VII, Section 3).

The second alternative is to continue our study of mappings between finite dimensional
spaces, only now switch to non linear mappings. This theory should parallel the
transition in elementary calculus from the analytic geometry of straight lines,

f(z) = a+ bz,
that is, affine mappings, to genuine non linear mappings, as

fla) =2 =TV

or
f(CC) _ $3 _ esinz

You recall, one important idea was to approximate the graph of a function y = f(x)
at a point x( by its tangent line at zq, since for x near xg, the curve and the tangent
line there approximately agree. For example, one easily proves that at a maximum or
minimum, the tangent line must be horizontal, f' =0.

In generalizing this to functions of several variables,
YV =FX)=F(z1, - ,zn),
the role of the derivative at X is assumed by the affine map,
AX)=Yo+ LX,

which is tangent to F' at Xg. Thus, linear algebra appears as the natural extension
of analytic geometry to higher dimensional spaces. See Chapters VII - IX for this.
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Chapter 6

Linear Ordinary Differential
Equations

6.1 Introduction

A differential equation is an equation relating the values of a function w(t) with the
values of its derivatives at a point,

du d™u
— ..., —) =0 6-1
) (6-1)

The order of the equation is the order, n, of the highest derivative which appears. For

example, the equations
2u\? du
— ) —T— 4t —sint=0
< dt? > dt +

F(t,u(t),

U .9
— —tsinu“ =0
dt

are of order two and one respectively. A function wu(t) is a solution of the differential
equation if it has at least as many derivatives as the order of the equation, and if substitution
of it into the equation yields an identity. Thus, the equation

du\ 2 9
- =1
<dt> +u

has the function u(t) =sint as a solution, since for all ¢

isint 2—|—(sin t)? =1
dt -
A differential equation (1) for the unknown function w(t) is linear if it has the form

d"u dnt
Lu = an(t)— n—1()———
wim an() S+ ana () 5

You should verify that this coincides with the notion of a linear operator used earlier. Equa-
tion (2) is sometimes called linear homogeneous to distinguish it from the inhomogeneous
equation

+otagtu=0 (6-2)

Lu = f(t), (6-3)
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that is e
an(t) o + -+ ao(tyu = f(2). (6-4)

The subject of this chapter is linear ordinary differential equations with variable coeffi-
cients (to distinguish them from the special case where the a;’s are constants). This opera-
tor L defined by (2) has as its domain the set of all sufficiently differentiable functions—n
derivatives is enough. These functions constitute an infinite dimensional linear space. Thus,
the differential operator L acts on an infinite dimensional space, as opposed to a matrix
which acts on a finite dimensional space.

Differential equations abound throughout applications of mathematics. This is because
most phenomena are described by laws which relate the rate of change of a function - the
derivative - at a given time (or point) to the values of the function at that same time.
For example, we have seen that at any time the acceleration of a harmonic oscillator is
determined by its position and velocity at the same time,

i = —pt — ku.

When confronted by a differential equation, your first reaction should be to attempt to
find the solution explicitly. We were able to do this for linear constant coefficient equations
(Chapter 4, Section 2). One of the main goals of this chapter is to show you how to solve
as many linear ordinary differential equations as possible. However, it is naive to expect

to solve an arbitrary equation which crops up in terms of the few functions we know:
(0%

x®,e” logz,sinx, and cosx . In fact, to even solve the elementary equation
du 1
dr '

appearing in elementary calculus, we were forced to define a new function as the solution
of this equation
u(z) =logz + ¢

and obtain the properties of this function and its inverse e* directly from the differential
equation. Many many functions arise which cannot be expressed in terms of the few elemen-
tary functions we know and love. Most of these functions - like Bessel’s functions, elliptic
functions, and hypergeometric functions, arise directly because they are the solutions of
differential equations nature has forced us to consider.

How do we know these strange sounding functions are solutions of the differential equa-
tions? Well, we somehow prove a solution exists and then simply give a name to the solution
- much as babies are given names at birth. Furthermore, as is the case with babies, their
actual “names” are the least important aspect.

To summarize briefly, we shall solve as many equations as we can. For the remaining
ones (which include most equations), we shall attempt to describe a few of the main prop-
erties so that if one arises in your work, you will have a place to begin the attack. Later
on, we shall again return to the more complicated situation of nonlinear equations. Much
less can be said there. Only very few general results are known.

Lest you get the wrong idea, we shall cover but a fraction of the known theory for just
linear ordinary differential equations. In the next chapter, we shall only look at one partial
differential equation (the wave equation for a vibrating violin string). The general theory
there is too complicated to allow discussion for more than one particular equation.
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Exercises

1. Assume there ezists a unique function FE(x) which satisfies the following differential
equation for all x and satisfies the initial condition

Z—Z =u, u(0) = 1.
(a) Use the “chain rule” and uniqueness to prove for any a € R
E(x+a)=E(a)E(x)

[Hint: Prove E(z) := E(z + a) is also a solution of the equation. Then apply the
uniqueness to the function E(z)/E(a)].

(b) Prove

(c) Prove for any =z
In particular, show

and

B(=) = [BAY™, mez,

(d) Prove
E(%) = [EQ)]™, nez, mez,
[Thus, the function E(x) is defined for all rational 2 = L as the number E(1) to
the power n/m. Since E(z) is continuous (even differentiable by definition, we can
extend the last formula to irrational x by continuity: if r; is a sequence of rational
numbers converging to the real number z (which may or may not be rational) then
by continuity
E(z) = lim E(r;) = lim [E(1)]"j = E(1)".

J—o0 Jj—0o0

Consequently, E(x) is the familiar exponential function e®].
2. Find the general solutions of the following equations by any method you can.

(a) & —2u=0

(b) fl—;:x2+sinx
(©) (#)"+4u?=1

() &=

(e) g—; = p?e¥

(f) 24439 4y =4
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6.2 First Order Linear

Except for those differential equations which can be solved by inspection, the next most
simple equation is one which is linear and first order, the homogeneous equation

d
CTZ +a(z)u =0, (6-5)
and the inhomogeneous equation
d
d—;‘ +a(z)u = f(z) (6-6)

The homogeneous equation can be solved by first writing it in the form

1 du
wdr ~ @)

and then integrating both sides

log u(z) = — /w a(s)ds + Ch.

Thus =
u(z) = Ce — / a(s)ds (6-7)

is the solution of equation (4) for any constant C'. In the very special case a(s) = constant,
the solution does have the form found earlier (Chapter 4, Section 2) for a linear equation
with constant coefficients.

How can we integrate the inhomogeneous equation (5)7 A useful device is needed.
Multiply both sides of this equation by an unknown function ¢(z)

du

(@) 3 + a(w)alz)u = (@) (@)

If we can find ¢(z) so that the left side is a derivative,

du d

g(z) - +al)a(z)u = - (g(x)u), (6-8)

then the equation reads
d
T (a(w)u) = () f (@),

which can be integrated immediately,
ale)u(o) = [ a(s)f(s)ds+c (6-9)

and then solved for u(x) by dividing by ¢(z) .
Thus, the problem is reduced to finding a ¢(x) which satisfies (7). Evaluating the right

side of (7), we find
d£+ au—u@+ du
Tagp 79" = Y Ty
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so q(x) must satisfy
dq

2~ q@)aa).

It is easy to find a function ¢(x) which satisfies this - for it is a homogeneous equation of

the form (4). Therefore
q(l‘) _ efm a(t) dt

)

the reciprocal of the solution (6) to the homogeneous equation, does satisfy (7). Notice
we have ignored the arbitrary constant factor in the solution since all we want is any one
function ¢(x) for (7).

Now we can substitute into (8) to find the solution of the inhomogeneous equation

x
c
u(z) = — q(s)f(s)ds + —, 6-10
@) = 5 [ aes) s+ (6-10)
where ¢(x) is given by the formula at the top of the page. If it makes you happier,
substitute the expression for ¢(z) into (9) to obtain the messy formula. We have left some
room.

| A FIGURE GOES HERE |

ExampLEs: 1. 2 4+ 2y = (1 4+ 23)17, 2 £0.

First,
xT
2
q(x) = exp(/ Zds) = exp(2In z) = exp(lnz?) = 22
s
Thus d
%(azzu) = 2%(1 +2%)'7.
Integrating both sides we find
) (1 +$3)18
=——+C.
xu(x) P +
Therefore ( 318
1 (1+z C
2. Z—Z +2ru==2x
First,
X
q(x) = exp(/ 25 ds) = exp x2.
Thus,
d
d—(ex2u) =y
T

Integrating both sides, we find

1
erU(LE) = 563:2 +C,
S0 )

u(z) = 3 +Ce

This formula could have been guessed much earlier since we know the general solution of
the inhomogeneous equation can be expressed as the sum of a particular solution to that
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equation plus the general solution of the homogeneous equation. The particular solution
up(x) = 3 can be obtained by inspection of the D.E.
Let us summarize our results.

Theorem 6.1 . Consider the first order linear inhomogeneous equation

Lu:= T +a(x)u = f(x).

If a(x) and f(x) are continuous functions, the equation has the solutions

w(w) = i(z) / '

1{:8 ds + Cii(z) (6-11)

where
u(x) = exp(—/ a(s)ds)

is a non-trivial solution of the homogeneous equation. Moreover, if we specify the initial
condition u(xg) = a, then the solution which satisfies this initial condition is unique.

PROOF: The ezistence follows from the explicit formula (9) or (10) and from the fact that
a continuous function is always integrable.

Uniqueness. This will be quite similar to the proof carried out in Chapter 4. If wu;(x)
and ug(x) are two solutions of the inhomogeneous equation Lu = f, with the same initial
conditions, then the function

w(zx) :=uy(z) — uz(x)
satisfies the homogeneous equation
Lw :=w' + a(z)w = 0,
and is zero at xg,
w(zo) = ui(xo) — u2(zo) = 0.

Our task is to prove w(xz) = 0. Multiply the equation (20) by w(z). Then

ww' = —a(z)w?,
or L d
5%102 = —a(z)w?

Since a(z) is continuous, for any closed and bounded interval [A, B] there is a constant k
(depending on the interval) such that —a(x) < k for all = € [A, B]. Consequently,

%%uﬂ < ka,
or
iw2 — 2kw? <0.
dx
Now we need an important identity which can be verified by direct computation: for any
smooth function ¢, and any constant «, ¢ + ag = e *¥(e**g)’. We apply this to the

above inequality with g = w? and a = —2k to conclude that

d
e?ka: % [€—2kazw2] <0.
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Because e2k®

e—2kmw2

is always positive, by the mean value theorem this inequality states that
is a decreasing function of x. Thus

e 2Fr?(z) < e HTou?(zg), x> 20,

or
w?(z) < e2FE202(z0), x> 0.

But since w(wg) =0 and w?(z) > 0 this means that
0 < w’(x) <0.

Therefore w(z) =0 x> zg.

To prove w(z) =0 for = < xy, merely observe that the equation (11) has the same
form if z is replaced by —z . Thus the above proof applies and shows w(x) =0 for z < xg
too.

REMARK: Although a formula has been exhibited for the solution, this does not mean that
the integrals which occur can be evaluated in terms of elementary functions. These integrals
however can be at least evaluated approximately using a computer if a numerical result is
needed.

Exercises

(1) . Find the solution of the following equations with given initial values

(a) v +Tu=3, u(l)=2

(b) b5u' —2u=e3 u(0)=1.

(c) 3u' +u=ux—22% u(-1)=0.
(d) v’ +u=42%+2, u(l)=-1.

(e) w + (cot z)u=e“"+1, u(f)=0.[[cot xdr=In(sinz)].
(2) . The differential equation

d
Ld—? + Ru = E'sin wt, L, R, E constants

arises in circuit theory. Find the solution satisfying u(0) = 0 and show that it can
be written in the form

0 wEL _ _pyr E
u = —F € —_—
R2 4+ w22 /R2+w2L2

sin(wt — )

where

¢ w
anq = —.
R

(3) Bernoulli’s equation is

u' + a(z)u = b(x)u*, k a constant.
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(a) Use the substitution v(z) = u(z)'~* to transform this nonlinear equation to the
linear equation
v+ (1 —k)a(x)v = (1 — k)b(x).

(b) Apply the above procedure to find the general solution of
U — 2e"u = e*u/?.
(4) . Consider the equation
o +au = f(z),

where a is a constant, f is continuous in the interval [0,00], and |f(z)| < M for
all z.

(a) Show that the solution of this equation is
x
u(z) = e u(0) + ea“/ e™ f(t)dt
0

(b) Prove (if a #0)
M

lu(z) — e~ *u(0)| < -

[1—e "]

(5) (a) Show the uniqueness proof yields the following stronger fact. If ui(x) and ua(z)
are both solutions of the same equation

' +a(z)u = f(x)
but satisfy different initial conditions

ui(z0) = a, ua(wo) = B,

then
lup () — ug(x)] < @) |0 — 8], 2 > xg

for all x € [A, B], where —a(z) < k in the interval. Thus, if the initial values
are close, then the solutions cannot get too far apart.

(b) Show that if a(z) < A < 0, where A is a constant, then as =z — 0 any two
solutions of the same equation - but with possibly different initial values - tend
to the same function.

(6) . Show that the differential equation
y' = a(z)F(y) + b(x)G(y)
can be reduced to a linear equation by the substitution
u=F(y)/Gly) or u=G(y)/F(y)

if (FG'—GF')/G or (FG'—GF')/F , respectively, is a constant. Use this substitution
to again solve Bernoulli’s equation.
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(7)

9)
(10)

(11) .

. Let S={ueC:u0)=0}, and define the operator L from S to C by
Lu=1u'+u.
Prove L is injective and R(L) = C'.

. Set up the differential equation and solve. The rate of growth of a bacteria culture
at any time ¢ is proportional to the amount of material present at that time. If there
was one ounce of culture in 1940 and 3 ounces in 1950, find the amount present in the
year 2000. The doubling time is the interval it takes for a given amount to double.
Find the doubling time for this example.

. Find the general solution of z?u’ + 3zu = sin z .

. Assume that a body decreases its temperature u(¢) at a rate proportional to the
difference between the temperature of the body and the temperature T of the sur-
rounding air. A body originally at a temperature of 100° is placed in air which is
kept at a temperature of 50°. If at the end of one hour the temperature of the body
has fallen 20°, how long will it take for the body to reach 60°?

Here is one simple mathematical model governing economic behavior. Think of
yourself as a widget manufacturer for now. Let

i) S(t) be the supply of widgets available at time ¢. This is the only function you
can control directly.

ii) P(t) be the market price of a widget at time ¢.

iii) D(t) is the demand for widgets at time t—the number of widgets people want
to buy at time ¢. You cannot control this given function.

It has been found that the market price P(t) changes at a rate proportional to the
difference between demand and supply,

ar
= kDO = 5(1).

where k > 0 is a fixed constant.

You decide to vary the supply so that it is a fixed constant Sy plus an amount
proportional to the market price,

S(t) = So + aP(t), a>0.

(a) Set up the differential equation for S(¢) in terms of the given function D(t) and
solve it.

(b) Analyze the solution and give an argument making it plausible that the market
for widgets behaves roughly in this way. What criticisms can you make of the
model?

(¢) How does the market behave if the demand increases for a long time and then
levels off at some constant value, D(t) = D(t;) for t > 17 A qualitative
description of S(¢) and P(t) is called for here. In particular, say whether price
increases without bound (bringing the evils of inflation) or whether it, too, levels
off.
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(12) Tt is found that a juicy rumor spreads at a rate proportional to the number of people
who “know”. If one person knows initially, ¢ = 0, and tells one other person by
the next day, t = 1, approximately how long does it take before 4000 people know?
Analyze the mathematical model as ¢ — oo and state why it is, in fact, the wrong
model. (The question to ask yourself is, “how long will it take before everyone even
remotely concerned knows?”). The same mathematical model applies to the spreading
of contagious diseases - and many other similar phenomena.

6.3 Linear Equations of Second Order

In this section we will consider a portion of the general theory of second order linear
O.D.E.’s, with variable coefficients,
Lu := ag(x)dQ—u + al(x)d—u + ap(z)u = f(x).
dz? dx

Although all of the results obtained generalize immediately to linear equation of order n,
only the special case n = 2 will be treated. This special case has the advantage of clearly
illustrating the general situation and supplying proofs which generalize immediately - while
avoiding the inevitable computation complexities inherent in the general case.

There are three parts:

A). a review of the constant coefficient case,

B). power series solutions, and

C). the general theory.
Whereas the first two parts are concerned with obtaining explicit formulas for the solutions,
the last resigns itself to some statements which can be made without finding the solution
explicitly.

a) A Review of the Constant Coefficient Case.

Here we have the operator
Lu := agu” + a1u’ + agu, (6-12)

where ag, a1, and ag are constants. In order to solve the homogeneous equation
Lu=0,
the function e’ is tried. Substitution yields
L(eM) = (aoA? + a1\ + ag)e™ = p(\)e™®. (6-13)

labeleq:13 The polynomial p()\) is called the characteristic polynomial for L. If A\ is a
root of this polynomial, p(A;) = 0, then ui(z) = eM? is a solution of the homogeneous

equation Lu = 0. If Ay is another root of this polynomial A\; # Ay, wa(x) = T
another solution. Then every function of the form
u(z) = Aup(z) + Bug(x) = AeM® + Bet??, (6-14)

where A and B are constants, is a solution of the homogeneous equation. The uniqueness
theorem showed that every solution of Lu = 0 is of the form (14).



6.3. LINEAR EQUATIONS OF SECOND ORDER 259

If the two roots of p()\) coincide, then a second solution is wug(x) = zeM®, and every
function of the form

u(z) = Auy(x) + Bug(z) = AeM® + BreM'® (6-15)

where A and B are constants, is a solution of the homogeneous equation. Again the
uniqueness theorem showed that every solution of Lu = 0 is of the form (15).
In both (14) and (15), the constants A and B can be chosen to find a unique function
u(z) which satisfies the homogeneous equation

Lu=20
as well as the initial conditions

u(zo) =a,  u'(z) =p,

where o and (8 are specified constants.
It turns out that the inhomogeneous O.D.E.

Lu=f,

where f is a given continuous function, can always be solved once two linearly independent
solutions w1 and wug of the homogeneous equation Lu; = 0 are known. Since the procedure
for solving the inhomogeneous equation also works if the coefficients in the differential
operator L are not constant, it is described later in this section in the more general situation
(p. 487-8, Theorem 8). Somewhat simpler techniques can be used for the constant coefficient
equation if the function f is a linear combination of functions of the form z*e™ , where k
is a nonnegative integer and r is some real or complex constant (cf. Exercise 6, p. 300).
Because both sinnz and cosnz are of this form, Fourier series can be used to supply a
solution for any function f which has a convergent Fourier series (cf. Exercise 13, p. 303).
Section 5 of this chapter contains an interesting generalization of the theory for constant
coefficient ordinary differential operators to operators which are “translation invariant”.

b) Power Series Solutions

Many ordinary differential equations (linear and nonlinear) can be solved by merely
assuming the solution can be expanded in a power series u(z) = > ¢,z", and plugging into
the differential equation to find the coefficients ¢, . A simple example illustrates this.

EXAMPLE: Solve u” — 2zu’ = 0 with the initial conditions u(0) = 1,4/(0) =0.
Solution: We try

U(l’):Co+C1$+62w2—|—--~+cn$"+...‘

Then

1

W' (x) = c1 + 20w + 3e3x? + -+ nepr -

S0
2xu/ (1) = 2c12 + degx® + -+ -+ 2ncpr 4 -
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Also
u"(x) = 2cy + 2 3czx + 3 - degx® + -+ (n— Dncpa™ + - -

Adding v” — 2zu’ — u and collecting like powers of x we find that 0 = v’ — 22u' —u =
[2co — co] +[2 - 3c3 — 2¢1 — 1w + [3 - deg — deg — co]a?
4+ [(E+ 1)k + 2)cpgn — 2key, — cpla® + - -

If the right side, a Taylor series, is to be zero (= the left side), then the coefficient of each
power of x must vanish because the only convergent Taylor series for zero is zero itself.
The coefficient of

20 is 2co — ¢

zb is 6c3 — 3¢y

2 is 12¢4 — 5co

ok s (k+1)(k + 2)cpra — (2k + 1)cy,

Equating these to zero we find that

@ _a . Be_ 5,
2—27 3—27 4—12—240

and, more generally,
2k+1

R (AN A D
Thus, for this example €eyen is some multiple of ¢y while cy,qq is some multiple of ¢ .

Since u(0) = ¢o and /(0) = ¢1, the constants ¢y and ¢; are determined by the initial
conditions.

(6-16)

co=1, ¢ =0.

Consequently, all of the odd coefficients c3, c5,... vanish, while
1 5 3 1 B
02_27 64—247 06—1064_167 g = ...,

so the first few terms in the series for u(z) are

1 5 1
=14+ 224+ gt 64 ... 1
u(x) —1—2:1: —1—2496 +16x + (6-17)
We should investigate if this formal power series expansion converges. Using (16), the ratio
of successive terms in the series for u(z) is

k+2 (2k +1) 5

Ci42T _ ‘ T
(k+2)(k+1)

crak

Therefore the ratio test shows the formal power series actually converges for all z. By
Theorem 16, p. 82, the series can be differentiated term by term and does satisfy the
equation.

Although the computation is lengthy, the series (17) is a solution. Since there is no
way of finding the solution in terms of elementary functions, we must be contented with the
power series solution. You have seen (Chapter 1, Section 7) how properties of a function
can be extracted from a power series definition.

This example is typical.
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Theorem 6.2 . If the differential equation
as(x)u” + a1 (z)u’ + ag(x)u =0

has analytic coefficients about x = 0, that is, if the coefficients all have convergent Taylor
series expansions about x =0, and if a2(0) # 0, then given any initial values

u0) =a,  W(0)=p,

there is a unique solution u(x) which satisfies the equation and initial conditions. Moreover,
the solution is analytic about © = 0 and converges in the largest interval [—r,r| in which
the series for ay/as and ag/az both converge.

Outline of Proof. There are two parts: i) find a formal power series u(x) =Y c,z™, and ii)
prove the formal power series converges. Since explicit formulas can be found for the ¢, ’s
(cf. Exercise 30a) the first part is true. Proof of the second part is sketched in the exercises
too (Exercise 30b).

From the explicit formulas mentioned above for the ¢, ’s, it is clear there is at most
one analytic solution. But because the general uniqueness proof (p. 510, Theorem 9) states
there is at most one solution which is twice differentiable and since u(z) is certainly such
a function - the uniqueness of u(zr) among all twice differentiable functions follows as soon
as Theorem 9 is proved.

The restriction az(0) # 0 which was made in Theorem 3 is very important. If a3(0) =0
then the differential equation

az(z)u” + ay(z)u' + ap(x)u =0

is degenerate at x = 0 because the coeflicient of the highest order derivative vanishes there.
Then the point = 0 is called a singularity of the differential equation. A simple example
illustrates the situation. The function wu(z) = 2%/? satisfies the differential equation

42°4" —15u =0

and the initial conditions u(0) = 0,4’'(0) = 0. However u(z) =0 is also a solution. Thus
it will be impossible to prove any uniqueness theorem at x = 0 for this equation. Perhaps
the singular nature of this equation at = = 0 is more vivid if the equation is written as

, 15

Although the possibility of a uniqueness result is ruled out for equations with singular-
ities, it is important to be able to find the non-zero solutions of these equations, important
because many of the equations which arise in practice do happen to have singularities
(Bessel’s equation, Legendre’s equation, the hypergeometric equation, ...). In all of the
commonly occurring cases, the coefficients ag(x), a1(z), and az(z),

ast” + a1’ + agu = 0,

are analytic functions. Thus the only obstacle to applying Theorem 3 is the condition
as # 0. We persist, however, in the belief that a power series, or some modification of it,
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should work. The modification must allow for such solutions as u(x) = x3/? which do not
have Taylor expansions about = 0. Undoubtedly the most naive candidate for a solution
is to try

u(z) = 2 Z cnx”, (6-18)
n=0

where p may be any real number. The particular choice p =3/2, co = 1,¢1 = ca =3 =
... =0 does yield the function wu(z) = £%2. Tt turns out that (18) is usually the correct
guess.

Again, we turn to an example. Bessel’s equation of order n,

" + o' + (2% —n?)u =0,

which arises in the study of waves in a two dimensional circular domain, like those on
tympani, in a tea cup, or on your ear drum. Let us find a solution to Bessel’s equation of
order one,

22" + o' 4 (22 = Du =0 (6-19)

This equation does have a singularity at the origin, = 0. If « has the form (18), then

o0

u(zr) = Z cpz" P

n=0

oo

W (x) =Y (n+ p)ega
n=0

and
o

u(z) = Z(n +p)(n+ p— 1)z P72,
n=0

Substituting this into the differential equation (19), we find

oo oo
Z(n +p)(n+p— 1)z P + Z(n + p)cpa™tP
n=0 n=0

o (o]
+) ezt =N " et = 0, (6-20)
n=0 n=0

We must equate the coefficients of successive powers of x to zero. The lowest power of x
which appears is z”, the next 2!, and so on.

x: plp—1)co+ pco —co =0

2T (p+Dper+ (p+1)cp —ep =0

P2 (p+2)(p+ ea+ (p+2)ca+co—c2 =0
2Pt (p+3)(p+2)es+ (p+3)es +e1 —c3 =0

2Pt (p+n)(p+n—1)cp+ (p+n)en + g —cp =0.
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From the equation for the power z*, we find
(p> = 1)cg =0

The polynomial q(p) = p?> — 1 which appears in the coefficient of the lowest power of =
in (20) is called the indicial polynomial since it will be used to determine the indez p. If
co # 0, the equation (p2 — 1)cp = 0 can be satisfied only if p is a root of the indicial
polynomial. Thus p; =1, ps = —1.
Consider the largest root p; = 1. Then the equation for the coefficients of x**! in
(20) is
P =22:3c,=0=¢; =0,

while the equation for the coefficient of ”*" in (20) is

Pt = pltn . (n+1)ne, + (n+1)cy +cn2 —cn =0,

or -
cn:—m, n=23,...
Since c¢; = 0, this equation implies c,qq = 0 and determines the ceyen in terms of ¢,
o C2 o C4 o
PT Ty YT Tr6 T 2426 T 6.8 2.42.62.8

o (—1)kCO _ (—1)k60
©2-42.62.82...(2k)2(2k +2)  22KkN(k+ 1)

Thus, the formal series we find for the solution, J;(x), of the Bessel equation of first order
corresponding to the largest indicial root, p; =1 is

Cok

14 x? z
— Tl =4 L
) =5e =53+ 576 )
o k .2k
I X (—1kz
_1 )T 21
Ni(@) 2xkzo 22 kI(k + 1) (6-21)

since it is customary to choose the constant ¢y for Ji(x) as co = % (and the constant ¢
for J,(x) as 1/2"n! when n is a positive integer).

The other (smaller) root, ps = —1, is much more difficult to treat. If the above steps
are imitated (which you should try), division by zero needed to solve for co from c¢q. It
turns out that the solution corresponding to the smaller root po = —1 is not of the form
(18). We shall not enter into this matter further except to note that the difficulty occurs
because the two roots p1 and py differ by an integer. If the two roots p; and ps do not
differ by an integer, the above method yields two different solutions of the form (18) for the
equation. In any case, this method always gives a solution of the form (18) for the largest
root of the indicial equation.

It is easy to check that the power series (21) does converge for all = and is therefore
a solution to Bessel’s equation of the first order. From the power series, with considerable
effort one can obtain a series of identities for Bessel functions which exactly parallels those
for the trigonometric functions. The functions J,(z) behaving in many ways similar to
sinnx or cosnz . Here is a graph of Ji(x):
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| A FIGURE GOES HERE |

For z very large, Ji(x) is asymptotically

2 cos(x — 3w /4)
Jl(l‘) ~ \/;\/E,

which is a cosine curve whose amplitude decreases like 1/4/x . For good reason this curve
resembles the height of surface waves on a lake after a pebble has been dropped into the
water, or those on the surface of a cup of tea.

Having worked out this example in detail, we shall state a definition in preparation for
our theorem.
DEFINITION: The differential equation

az(2)u” + ay(z)u’ + ap(z)u = 0,

where the a;j(x) are analytic about = = 0, it has a regular singularity at x = 0 if it can
be written in the form
z?u" + A(x)zu' + B(x)u =0,

where the functions A(z) and B(z) are analytic about x = 0. Otherwise the singularity
is irreqular.

EXAMPLES:

(1) . 2%(1 + 2)u” + 2(sinx)u’ — e®u = — has a regular singularity at = = 0 since the
equation may be written as
9 4 2(sinz) , —e”

— =0,
Tu + 1+mu 1+xu

where the coefficients 2sinz/(1+z)x and e*/1+z do have convergent Taylor series
about z = 0. (Here we observed that S =1 — g—? +--).

(2) . zu” —7Tu' + —2-u =0 has a regular singularity at x = 0 since it can be written in

Ccos T
the form
3

22 — T + u =0,

cos T
where the coefficients —7 and 3z/cosx are analytic about x =0.

(3) . 2%u” —2u +zu = 0 has an irregular singularity at = = 0 since it cannot be written
in the desired form.

(4) . 23u” — 22’ +u =0 has an irregular singularity at z = 0.
Theorem 6.3 . (Frobenius) Consider the equation with a regular singularity at © =0
as(x)u” + a1 (z)u’ + ag(x)u = 0,
so it can be written in the form

z?u" + A(x)zu’ + B(x)u = 0,
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where the analytic function A(x) and B(z) have convergent power series for |x| < r. Let
p1 and p2 be the roots of the indicial polynomial

q(p) = p(p — 1) + A(0)p + B(0),

where p1 > pa (or Repy > Repy if roots are complex). Then the differential equation has
one solution ui(x) of the form

e}

up(x) = Z ez’ (co #0),

n=0

the series converging for all |x| < r. Moreover, if p1 — p2 is not an integer (or zero), there
is a second solution us(x) of the form

r) = aP? Z Cna™ (¢o #0),
n=0

where this series also converges in the interval |x| < r. In the special case p; — ps =
integer, there may not be a solution of the form (18) - see Exercise 19c. Notice: although
the power series do converge at x = 0, the functions ui(z) and uz(x) may not be solutions
at that point because the functions xP may not be twice differentiable (for example, if p = %

then \/x has no derivatives at © =0 ).

Outline of Proof. Like Theorem 2, this proof also has two parts; i) finding the coefficients
¢n, for the formal power series, and ii) proving the formal power series converges. As in
Theorem 3, part i) is proved by exhibiting formulas for the ¢, ’s, while part ii) is proved by
comparing the series Y ¢,z with another convergent series . C,z™ whose coefficients
are larger, |c,| < C, .

To illustrate the procedure of part i), we will obtain the stated formula for the indicial

polynomial ¢(p). Let A(z Zanm and B(z Zﬂnx be the power series expan-

n=0 n=0
sions of A(z) and B(z). Then assuming u(z) has a solution in the form (18), we find by

substituting these formulas into the differential equation that

(e e]
Z(p+n)(p+n — ez ™ + Zanx Z p+n)e,z )
n=0 n=0

+(Z ann)(z Cn$p+n) =0
n=0 n=0

The lowest power of = appearing is z” , then comes a2t . ...

P p(p—1)eo + appeo + Boco =0
Pt (p+1)per + [aapeo + aolp + 1)er] + [Brco + foct] = 0

Pt (p+n)(p+n—1)c, + Zan—k[(p + k)ci] + Zﬁn—k% =0,
k=0 k=0
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the last formula arising from the formula for the coefficients in the product of two power
series (p. 76). If ¢o # 0, the first equation states

q(p) :== p(p — 1) + aop + Bo = 0,

where ¢(p) is the indicial polynomial. Since ap = A(0) and [y = B(0), this is precisely
the formula given in the theorem.

c) General Theory

We begin immediately by stating
Theorem 6.4 (Existence and Uniqueness). Consider the second order linear O.D.E.
Lu = as(x)u” + a1 (z)u' + ag(x)u = f(z),

where the coefficients ag, a1, and az as well as f are continuous functions, and az(x) # 0.
There exists a unique twice differentiable function u(x) which satisfies the equation and the
inatial conditions

u(wo) =, u'(wo) =B,

where o and B are arbitrary constants.

If time permits, the existence proof will be carried out in the last chapter as a special
case of a more general result. The uniqueness will be proved later too, as a special case of
Theorem 9, page 510 - in the next section. We will not be guilty of circular reasoning.

Now what? Although this theorem appears to make further study unnecessary, there
are several general statements which can be made because the equation is linear. Two
other theorems are particularly nice; the first is dimN(L) = 2, while the second gives a
procedure for solving the inhomogeneous equation once two linearly independent solutions
of the homogeneous equation are known.

A preliminary result on linear dependence and independence of functions is needed. If
the differentiable functions u;(z) and we(x) are linearly dependent, there are constants ¢
and ¢y not both zero such that

cuy () + caua(z) = 0.
Differentiating this equation, we find
c1u) (z) + couy(x) = 0.

Since the two homogeneous algebraic equations for ¢; and c¢p have a non-trivial solution,
by Theorem 32 (page 428), the determinant

W(x) := W(uy,u2)(z) :=

must vanish. This determinant is called the Wronskian of u; and wus. We have proved
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Theorem 6.5 . If the differentiable functions wui(x),us(x) are linearly dependent in the
interval [, (], then necessarily W(z) =0 throughout [o,3]. Thus, if W # 0, the u;’s
are independent.

REMARK: The condition W = 0 is necessary for linear dependence but not sufficient in
general, as can be seen from the example

{x2 , >0, 0O , >0

un () = 0 <0 u2($):{$2 <0

for which W(uj,u2) =0 for all  but w; and ug are linearly independent. However it is
sufficient if u; and wug are solutions of a second order linear O.D.E., Lu; = 0. An even
stronger statement is true in this case. All we need require is that W vanish at one point
xXg .

Theorem 6.6 . Let w1 and us both be solutions of
Lu := asu” + a1u’ + agu = 0,

where az # 0. If W(xg) =0 at some point xg, then u; and uz are linearly dependent -
which implies by Theorem 6 that W(x) =0 for all x. In other words, if W(xo) # 0, then
w1 and ue are linearly independent.

PROOF: Since W (zg) = 0, the homogeneous algebraic equations
clul(xg) + CQUQ(LL‘O) =0

cruy (o) + couh(mg) = 0

have a non-trivial solution ¢y, cy. Let
v(x) = crui(x) + coua(x).

We went to prove v(z) =0. Observe Lv = 0. Moreover v(zo) =0 and v'(z¢) = 0. Thus
by uniqueness, v(z) = 0, establishing the linear dependence of u; and sy .

The same type of reasoning proves
Theorem 6.7 . Let Lu:= axu” + aju’ + apu , where as(x) #0. Then
dimN(L) = 2.

PROOF: We exhibit two special solutions ¢ and ¢o of Lu =0 and prove they constitute
a basis for N(L). Let

¢1(z) satisfy Lgp =0 with ¢1(zo) = 1, ¢j(20) =0

do(x) satisfy Léo =0 with ¢o(z0) =0, ¢h(zg) = 1.

There are such functions by the existence theorem.
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i) They are linearly independent.

e = Woeited =| GG )

Thus by Theorem 7, ¢; and ¢- are linearly independent.
ii) They span N(L). Let u(x) be any element in N(L) and consider the function

1 0
RIS

v(@) = u(x) — [u(zo)1(x) + u'(w0)da(z)].

Then Lv =0 and v(zg) = 0,v'(z9) = 0. By uniqueness, v(z) = 0. Thus every u € N(L)
can be written as

u(z) = Ag1(x) + Boa(x),

where the constants A and B are A = u(xg), B = u/(x0).

All of our attention has been on the homogeneous equation Lu = 0. Let us solve the
inhomogeneous equation. This is particularly simple for a linear differential equation once
we have a basis for N(L).

Theorem 6.8 (Lagrange). Let ui(xz) and ux(x) be a basis for N(L), where Lu :=
as(z)u” + ar(x)u' + ap(x)u, with ay # 0. Then the inhomogeneous equation Lu = f
has the particular solution

Wa(s)
W(s) f(s)ds,

up(z) = w1 () /I Mwl/l((j)) f(s)ds + ua(x) /w

where W (s) = W(ui,u2)(s) and Wj(s) is obtained from W(s) by replacing the jth

column (uj,u;) of W by the vector (0,1/az).

REMARK: If we let
ur(z)Wi(s) + ua(2)Wa(s)

W (s)

then the above formula assumes the elegant form

G(z;s) =

w(@) = [ Glas)f(s)ds

PROOF: A device (due to Lagrange) called variation of parameters is needed. We already
used a form of this device to solve the inhomogeneous first order linear equation (5, p. 457).
The trick is to let

up(x) = vi(z)ur(z) + va(z)uz(z)

where the functions v;(x) and va(z) are to be found. This attempt to find w,, is reminiscent
of writing the general solution of the homogeneous equation as Awuj + Bug . Differentiate:

() = viu) + vauy + [V + vyus].
The functions v; and vy will be chosen to make

viug + vhug = 0.
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Using this, we differentiate again

uy () = viuy = vouy + [vyu] + vaus)

Now multiply u, by ag, u, by a1, up by ag, and add to find
Luy, = v1 Luy + voLug + agviu) + vhub)

= agviu} + vhub].

If we can choose v1 and vy so that as| ] = f, thenindeed Lu, = f,so ug = viui+vaus
is a particular solution. It remains to see if v; and vy can be found which satisfy the two
needed conditions
viug + vhug =0
v'lull + véug = i
a2
These two linear equations for v and v, may be solved by Cramer’s rule (Theorem 33,
page 429),

0 u9 0 U9
o = flas :f 1/ay b :%f
w w W
up 0 up 0
ool g | Tl v | _wa
2 w w w

Integration of these equations yields v1 and wvo, which, when substituted into wu, = ujv1 +
u9Vy , do give the stated result

With this theorem, knowing the general solution of the homogeneous equation Li =0
allows us to find a particular solution of the homogeneous equation Lu, = f. The general
solution u of the inhomogeneous equation Lu = f is then the u, coset of N(L), that is,
all functions of the form

U = up + U.

This puts the burden on finding the general solution of the homogeneous equation.
EXAMPLES:

(1) . The homogeneous equation z?u” — 3zu’ + 3u = 0, z # 0, has the two linearly
independent solutions ui(x) = x, ug(z) = 3 —which might have been found by the
power series method. Therefore a particular solution of the inhomogeneous equation

2?u” — 3z’ + 3u = 22*
can be found by the variation of parameters. We try
_ 3
Up = V127 + V2x

and are led to the equations
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or
U/1 = —x2, vé =1
Thus
23
vi(z) = —3 va(z) =2
Therefore

The general solution to the inhomogeneous equation is found by adding the general
solution of the homogeneous equation to this particular solution,

2
u(z) = Az + B3 + §x4.

(2) The homogeneous equation u”+u = 0 has the linearly independent solutions uq(z) =
cosz, ug(x) = sinx . Let us solve

where f is an arbitrary continuous function. Trying
up(x) = vy cosx + vasinz,

we are led to

o — —fsinx o = fcosx
1 — 1 I 2 — 1 .
Thus . .
v (z) = —/ f(s)sin sds, va(z) = / f(s)cos sds.
Therefore

up(x) = —cosx/w f(s) sinsds—i—sinx/ﬁ f(s)cossds

= / f(s)[—sinscosx + cos ssin x| ds

_ /xf(s) sin(z — ) ds.

Consequently, the handsome formula
X
u(z) = Asinz + Bcosz + / f(s)sin(x — s) ds

is the general solution of the inhomogeneous equation u” +u = f.

Exercises

(1) Solve the following initial value problems any way you can. Check your answers by
substituting back into the differential equation.
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wW+2u=0, u(l)=2

u +3u+2u="7, wu(0)

u’ +3u +2u=2e", wu(0)=0,u(0)=1

u +3u +2u=e%  u(0)=1,4(0)=0
7r

" —8u=0, wu(0)=1,d(0)=2,u"(0)=3

u"" — k*u = 0. General solution.

u” — 6u’ + 10u = 2% + sinz, u(0) =/(0) = 0.

u" =i —8u" =0, w(0)=3,d(0)=28, u(0) =065, u"(0) =511.
o +u=2a3 u(l)=1.

u” + 4u = 42% + cos 2z, wu(0) =0, u'(0) =1

u” —u' = e®. General solution.

u=3u"4+3u —u=0, u(0)=1,d'(0)=2,u"(0)=3

u® — 4@ 4+ 343 — 34 — 44 + 44 = 0. General solution.

[Hint: A5 — M +3X3 =302 -4\ +4= (N2 - 1) (A2 +4)(A—-1)].

(2) Find the first four non-zero terms (if there are that many) in the power series solutions
about z =0 for the following equations.

(a)
(b)
()
(d)
e)
)

)

(
(t
(g

v —au —u=0, wu0)=d(0)=1
u" —2xu' +2u =0, wu(0)=0,4(0)=1
u' —=2zu —2u=0, u(0)=1,4(0)=0

v +2u=0, u0)=1,4(0)=-1.
u

1—

1 ) =0.
u — 2Py = w(0) =0, v/(0) =0. [Hint: =5 =1+a?+at+-.]
inpe L
) =0, 4'(0) = 1. [Hint: — =7]

(3) a) - e) Find where the power series in Ex. 2 a-e converge.

(4) Find the first four non-zero terms (if there are that many) in the power series solutions
corresponding to the larger root of the indicial polynomial.

(a)

220" — 3zu’ + 2u =0
0 l,?n

e 2 — = 0. [Answer: u(@) = @ ).
d .

dau” + 20 +u = 0.
zu” 4 (sina)u’ + 2%u =0, wu(0) =0, v'(0) = 1.

" +u = 22

(5) (a-e). Investigate the convergence of the series solutions found in Exercise 4 above.
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(6) Find the power series solution about x =0 for the nth order Bessel equation corre-
sponding to the highest root of the indicial polynomial. The answer is:

J — { n - (_1)k E 2k
0= Y ™

where we have chosen ¢y = 1/2"n!.
(7) Find two linearly independent power series solutions of
u +au +u=0
and prove they are linearly independent. Find all solutions.

(8) The Hermite equation is
v — 2zu’ + 20u = 0.
For which value(s) of the constant a are the solutions polynomials - that is, a solution
with a finite Taylor series. These are the Hermite polynomials.

(9) Find the first three non-zero terms in the power series about x = 0 for two linearly
independent solutions of

202" + zu' + (z — Du = 0.
(10) The homogeneous equation Lu := 2z%u” — 3zu’ — 2u = 0 has the two linearly inde-

pendent solutions uj(z) = 22, ug(x) = /= (see Ex. 20c below). Find the general
solution of the inhomogeneous equation Lu = log(z?) .

(11) Let Lu = (1 — 2?)u” — 2zu/ + n(n + 1)u where n is an integer. Show that Lu = 0
has a polynomial solution - the Legendre polynomial. Compute this for n = 3. (cf.
page 1041 Ex. 10).

dJ
(12) Let Jo(x) be a solution of the zero ™ order Bessel equation. Prove =9 is a solution

x
of the first order Bessel equation. [Hint: Work directly with the equation itself, not
with power series].

(13) Consider the equation
az(2)u” + ay(z)u' + ap(x)u = 0.

(a) Let u(x) := ui(x)v(x). Show that the result arranged as an equation for v(x)
is
asu1v” + (2a0u} + aju)v' + (aguf + a1u) + agui)v =0

(b) If uy is known to be one solution of the equation, show that the second solution
is ug(x)

ug(z) = ui(x) /w(m) dx
where w(z) is a solution of the first order equation

asuiw’ + (2a0uy + ayur)w = 0.
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Thus, if one solution of a second order linear O.D.E. is known, the problem of finding
a second solution is reduced to the problem of solving a first order linear O.D.E. -
which can always be solved by separation of variables.

Apply Exercise 13 to the following:

(a) One solution of 2z%u” — 3xu’ +2u =0 is uy(x) = 2. Find another.
(b) One solution of z?u” —xu’ +u =0 is uy(x) = z. Find another.

(¢) One solution of (1 + z)zu” —zu'+u =0 is ui(z) = . Find another, and then
write down the general solution.

(d) One solution of the equation z?u”+2zu’ = 0 is clearly u;(x) = 1. Find another.

Prove the solutions are linearly independent for x > 0. Find the general solution
of z2u" 4+ 2zu =1.

Consider the O.D.E. v’ + a(z)u’ 4+ b(z)u = 0, where a and b are continuous about
xo. If the graphs of two solutions are tangent at x = x(, are these two solutions
linearly dependent? Explain: Can you make an even stronger deduction?

(a) Let L be a constant coefficient differential operator with characteristic polyno-
mial p(A). If p(A) = p(—A), prove

L(sin kx) = p(ik) sin kx

" _ 4 = sin 2z

(b) Apply this to find a particular solution of u
Find a particular solution of the equation
W' —nPu=f, n#0.
[You will need: sinh(a— ) =sinhacoshf —sinhcosha].

[Answer: u(z) = :L/Oxf(s) sinhn(x — s)ds. |

Use the method of variation of parameters to find a particular solution to u” = f.
Compare with Exercise 5, p. 282.

Consider the differential operator
Lu = 22d” + azu’ + bu,
where a and b are constants. This is called Fuler’s equation. It is the simplest

equation with a regular singularity at * = 0.

(a) Show that Laf = q(p)z”, where ¢(p) is the indicial polynomial for L.

(b) If the roots of ¢(p) = 0 are distinct, find two solutions of Lu = 0, z > 0, and
prove the solutions are linearly independent for = > 0.

(c) If theroots p; and p2 of ¢(p) = 0 coincide, take the derivative with respect to p
of the equation in a) - holding = fixed - to obtain the candidate ug(z) = "' Inx
for a second solution. Verify by substitution that ws is a solution in this case
and prove the two solutions

up(x) =2, ug(z) =2z Inz, x>0

are linearly independent for = # 0.
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Apply the method of Exercise 19 to find two linearly independent solutions for each
of the following Euler equations

a). x?u" + zu' = 0.
b). 2x%u” — 3zu’ + 2u = 0.
c). 222" — 3zu' — 2u = 0.

d). 220" —2u’ +u = 0.

(a) Use the result of Ex. 19 a) to find a particular solution of the equation Lu = z¢,
where

Lu = 224" + azu’ + bu,

with a and b constant, and where « is not a root of the indicial polynomial
q(p) (cf. Ex. 6, p. 300).

(b) If neither o not (3 are roots of ¢(p), find a particular solution to the inhomo-
geneous equation
Lu = Az® + Ba".

(¢) Apply this procedure to find the general solution of

222" — 3z’ — 2u = 3z — 421/3.

(d) How can you solve Lu = z% if « is a root of the indicial polynomial?

(a) If w has n derivatives and A is a constant, prove
D" u] = (D + \)"u.

Thus (D + A)"u = e A D" [eMq] .

(b) Let L = (D — a)™ be a constant coefficient differential operator with charac-
teristic polynomial p(A) = (A — a)™. Show wu(z) is a solution of the equation
Lu =0 if and only if u(x) has the form

u(z) = e Q(x),
where Q(x) is a polynomial of degree <mn —1.

Consider the O.D.E. Lu = f, where L is a second order constant coefficient operator,
and let A; and A2 be the characteristic roots of Lj. Assume i) ReA; < 0 and
ReXs < 0, and ii)there is some constant M such that |f(x)| < M for all z € [0, 00].

(a) Prove every solution of Lu = f is bounded for z € [0, 0] .

(b) If lim f(z) =0, prove that as = — oo, every solution of Lu = f tends to zero.
rT—00

Consider the operator Lu := ag(z)u”+a1(x)u'+ap(z)u, where the a;’s are continuous
for © € [a,(]. Let wuj,uz and ¢1,¢2 both be bases for N(L). Prove there is a
constant k # 0 such that

W (uy,u2)(x) = kW (p1,¢2)(z) forall =z € [a,[].
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(25)

(a)

(b)

Generalize the procedure of Ex. 21b and show how the inhomogeneous Fuler
equation Lu = f can be solved if f has a power series expansion. You will have
to assume that no root of the indicial polynomial is a positive integer.

Apply a) to find a particular solution (as a power series) of

1
1—2a

222u" + 3z —u =

(26) Given the equation Lu := u” + a(z)u’ + b(x)u = 0 has solutions wui(x) = sinz,
uz(z) = tanz, find the general solution of the inhomogeneous equation

(27)

(28)

(a)

(a)

CcoS T
L’LL = 7.2.
1+sin“x

If Lu:= asu” +a1u'+apu and L*v := (agv)” — (a1v) +agv , prove the Lagrange
identity

d
vLu —uL*v = d—[ag(u’v —v'u) + (a1 — ab)uv],
x

where the functions a; are assumed to be sufficiently differentiable. The operator
L* is the adjoint of L.

Show that L is self-adjoint, L = L* | if and only if a}, = a; . Write the Lagrange
identity in this case.

If ciui(x) + coua(x) is the general solution of the equation Lu = 0 find the
c3ul + c4us ]

uiulh, — ujug
Let u be a twice differentiable function which vanishes at o« and §. Show the
adjoint operator L* has the property that for all such functions u and v,

general solution of the adjoint equation L*v = 0. [Answer: v =

(v, Lu) = (L*v, u)

where

B
(f, 9) 3:/ f(x)g(x) dx.

Let L be a self-adjoint operator, L = L*. If LX; = \1X7 and LXs = A\ Xo,
where Ay and Ay are real number, A\; # Ay, prove X; and X5 are orthogonal

(X1, X9) =0.

[Hint: Compare <X2, LX1> = )\1<X2, X1> with <LX2, X1> = )\2<X2, X1>]

Let L = % . For what values of A can you find a non-zero solution u of the

equation Lu = Au where u satisfies the boundary conditions u(0) = u(w) =07
Apply parts a) and b) as well a Ex. 27d to prove

™
(sinnzx, sinmzx) = / sin nx sinmx dx = 0,
0

where n and m are unequal integers.
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(29) . Consider the boundary value problem
Lu:=u"+u=f, u(0) =0, u(m) =0,
where f is continuous in [0, 7] .

a). Show that if a solution exists, it is not unique.

b). Show a solution exists if and only if

™
/ f(z)sinzx dz = 0.
0
[Hint: First find the general solution of the homogeneous equation].

REMARK: In the notation of Ex. 27, we have L = L*. Moreover, N(L*) =
span{sinz }. The conclusions of b) states that R(L) = N(L*)*, and illustrates
how Theorem 34, p. 431, is used in infinite dimensional spaces.

(30) . A proof of Theorem 3. Since as(z) # 0, the equation can be written as
v’ + a(z)u’ + b(x)u = 0.
If . .
a(x) = Z anxza b(x) - Zﬂnxn7
n=0 n=0

let 0o
u(@) =Y eua”, where u(0) = co, u/(0) = ci,
n=0

(a) Imitate the example to prove the remaining ¢, ’s must satisfy

n

_ [on—k(k 4+ 1)Cir1 + Br—rC]
e == (n+ 2)(;1+ 1

k=0
Show that if ¢y and c¢; are known, then the remaining ¢, ’s are determined
inductively by the above formula.

(b) Because the series for a(z) and b(x) converge for |z| < r,if R is any number
less than r, there is a constant M such that for all n, |a,| < % and |G,| < %
(cf. p. 72, line 2). Define constants C,, as

Co = |eo|, C1 = |e1],

and for n >0

n

MNT[(k 4 1)Chy1 + Ch]RF + MCpy 1 R
k=0

Gz = CE R

(i) Prove |c,| <C,, n=0,1,2,3,...
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(ii) Prove
Cry12"|  n(n—1)+ MnR+ MR?
‘ Cpx™ | R(n+1)n 21
[ee)
(iii) Prove ZCnx" converges for |z| < R, where R is any number less than
n=0
T .

(iv) Prove chx" converges for |z| < R, where R is any number less than

n=0
T.

(a) Let u(z) and wv(z) be solutions of the equations Liu := u” + a(x)u = 0,
and Lov := v” 4+ b(x)v = 0 respectively, in some interval, where a and b are
continuous. If b(z) > a(z) throughout the interval, prove there must be a zero
of v between any two zeroes of w. This is the Sturm oscillation theorem. [Hint:
Suppose « and 3 are consecutive zeroes of u and u >0 in («, ). Prove

B 3 B
0= / (vLiu — ulgv) dx = vu/’a - / (b — a)uv dz,

and show, because u'(«) > 0, v/(3) < 0, there is a contradiction if v does not
vanish somewhere in (a, 3) .]

(b) Let wi(z) and ug(z) be two linearly independent solutions of v’ 4 a(z)u =0.
Prove between any two zeroes of u; , there is a zero of us and vice verse. Thus,
the zeroes interlace.

(c) Apply b) to the solutions sinyz and cosvyz of the equation u” + v*u = 0 to
conclude a well-known fact.

(d) If b(x) > § > 0, where § is a constant, prove every solution of v” + b(z)v =
0 must have an infinite number of zeros by comparing v with a solution of
u” +~y%u =0, where ~ is an appropriate constant.

(e) Apply d) to prove every solution of

3
422
has an infinite number of zeroes for =z > 1.
(f) Let uj(z) be a solution of the first order Bessel equation. Take v(z) = u1(z)\/x
and show that v satisfies the equation in e). Deduce that Ji(z) has infinitely
many zeroes.

v+ (1 Ju =0,

(32) Let L; and Lo be linear constant coefficient differential operators with characteristic
polynomials p;(A) and pa(A) respectively.

(a) If thereis a function u(z), u(x) # 0, which satisfies both Liju =0 and Lou =0,
prove the polynomials p; and ps have a common root.

(b) If p; and ps have no common roots, prove the solution of LjLou = 0 are exactly
all functions of the form cjuy 4+ cous where uq is a solution of Liu; = 0, and wus
of Loug = 0. Thus N(LjLs2) may be decomposed into the two complementary
subspaces N(L1) and N(Lsg), N(L1Lg) = N(Ly) & N(Ls) .
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(33) Imitate Exercise 30 and prove Theorem 3. Make sure to observe the trouble in trying
to find the solution corresponding to the lower root of the indicial polynomial if the
roots differ by an integer.

(34) The purpose of this exercise is to show that an equation with an irregular singular
point may have a formal power series at that point which does not converge to the
solution.

Try to find a solution of the form (18) for the following equation which has an irregular
singularity at x =0,
254" + 325 — 4u = 0.

What happened? Two linearly independent solutions for z % 0 are

1/x? 1/x?

up(z) =e” and wug(x) =e
How does this explain the situation (cf. p. 95-6)7

(35) Consider the equation 222u” +3zu’ +u = /(). Two linearly independent solutions
of the homogeneous equation are =2 and z~!. Find the general solution of the
homogeneous equation.

(36) Consider the equation u” + b(z)u' + c¢(x)u = 0, where b and ¢ are continuous
functions and c¢(z) < 0. Prove that a solution cannot have a positive maximum or
negative minimum.

6.4 First Order Linear Systems

Quite often in applications you must consider systems of differential equations. We shall
consider a linear system of the form

du1

T + a11(x)uy + ara(z)ug + -+ - + an()u, = fi(x) (6-22)

% + ag1(z)ur + age(x)ug + - - - + agn(x)uy, = fa(z) (6-23)

(6-24)

% + an1(x)ur + an2(z)us + - - - + app(x)un = fr(z) , (6-25)

where the functions a;j(x) and fj(x) are continuous. If we anticipate the next chapter
and write the derivative of a vector U = (uy,...,u,) as the derivative of its components,

then the above system can be written in the clean form

% + A(z)U = F(z), (6-26)

where,

A(x):((a”)), F:(f17f27"'7fn)
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and
U(zx) = (u1,ug,...,up).

The initial value problem for the system of differential equations (22) is to find a vector
U(x) which satisfies the equation as well as the initial condition

U(.CC()) = Uy, (6—27)

where Uy is a vector of constants.
It is useful to observe that the initial value problem for a single linear equation of order

u(wo) = o, W (x0) = ag, ..., u" VD (20) = an,
can be transformed to the conceptually simpler problem (22)-(23). Let w;(x) := u(z),
us(z) == u'(z),..., and u,(z) = u»Y(z). Then the components of the vector U(z) =
(u1,ug,...,u,) must obviously satisfy the relations
dU1
T
i
de T U3
dup—
Zda: - = Un
Gn = —agul — aiuz — - — Gp1Un + f(2),

which may be written as

U =MU +F,

where

0 1 0 0

0 1 0

M(.’L‘) = ’
0 0 0 1
—ap —a1 —az —Qn—1

and

The initial conditions read
U(x(]) = (041, a9, ... ,an).

Conversely, if U is any solution of this system of equations with the proper initial conditions,
then the first component wu;(z) is a solution of the single nth order equation. Thus, the
general theory of a single nth order linear O.D.E. is completely subsumed as a portion
of the theory of a system of first order linear O.D.E.’s. You should be warned that this
generalization is mainly of theoretical value and is of little use if you are seeking an explicit
solution.

Both the existence and uniqueness theorems are true for systems, and supply an example
where the theoretical advantages of systems become clear. To illustrate this, we shall prove
the uniqueness theorem. Our proof is patterned directly after the uniqueness proof for a
single equation (Theorem 1).



280 CHAPTER 6. LINEAR ORDINARY DIFFERENTIAL EQUATIONS

Theorem 6.9 (Uniqueness). Let A(x) be a matriz whose coefficients a;;(x) are bounded
la;j(z)| < M for x in some interval, and let F(x) be a continuous function. Then there
is at most one solution U(x) of the initial value problem

U/+AU:F, U(.T()):Uo.
REMARK: The existence theorem states, if A is nonsingular and each element is integrable

there is at least one solution. Thus, there is then exactly one solution.
PROOF: Assume U; and Us are both solutions. Let

W =U; — Us.
Then W satisfies the homogeneous equation and is zero at xg,
W'+ AW =0, W(xg) = 0.
Take the scalar product of this with W,

(W, W) + (W, AW) = 0.

But
(W, W' = wiw| + wwy + -+ + wyw),
= %%(wf+w§+---+w§)
= W
Thus,

—— = —(W, AW).
S W = (o, A)
By Theorem 17, p. 173 and the hypothesis |a;j(z)| < M , we know
- 2]1/2 2 2
(W, aw)| < |3 la?| T IWI2 < bW
ij=1

so that L4
~Z W < nM||IW 2.

Therefore, as on p. 462-3
d
—(|W*) —2nM||[W|? <0
(W) — 200 W <0,

or
d
2nMz —2nMz 2
e —le <0.
e M) <
Because e¢?"M? is always positive, by the mean value theorem the quantity | ] is a

decreasing function. Its value for x > zy is then less than at zg,

MW (2)|* < e MW (ao) |, x> g
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Consequently
W ()| < MW (ao)|l, x> a0

Since W(zo) = 0 and the norm is non negative, we have
0< W) <0, ==,
which implies
W(x)| =0, =

Therefore,
Wi(z)=0 T > xp.

By replacing « with —z in the original equation, the same statement is true for = < xg.
Thus, throughout the interval where |a;j(x)] < M, we have proved W(z) = 0, that is,
Ui(z) = Usa(x) , so the solution is indeed unique.

Because a single linear nth order O.D.E. can be replaced by an equivalent system of
equations, this theorem implies the uniqueness theorem for a single O.D.E. of order n if the
coefficients a;(z) are bounded in some interval - which is certainly true in every interval if
the a;’s are continuous.

With this theorem, a short section closes. Further developments in the theory of systems
of linear O.D.E.’s make elegant use of linear operators in general and matrices in particular.
As you might well accept, the exercises contain a few of the more accessible results.

Exercises
(1) . Find functions wuj(x),us(z) which satisfy
U = U1

!/
Uy = U1 — U2,

with the initial conditions U(0) := (u1(0),u2(0) = (1,0). Find the general solution
too. [Hint: Solve the equation w}j = w; first, then substitute. Answer: General
solution is U(z) = (y1€”, Fe* + y2e™%)].

(2) Consider the system
u’1 = 2u1] — Uy

u'2 = 3u; — 2u9,
that is,
U'— AU, where A—( 2 1
= AU, where =l 3 9 |
Let ¢1(x) = auy + bug, ¢2(x) = cuy + duy , where a,b,c and d are constants. Thus,
d = SU,

where

cC C

5:<a b)v ® = (91, ¢2).
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By direct substitution, find the differential equations satisfied by the ¢;’s and
show they can be written as

' = SAST'P.

Pick the coefficients of S so the matrix SAS™! is a diagonal matrix,

(M0
SAS _(0 A2>_A

Solve the resulting equation ® = A®. [Solution: ¢; = ae®, ¢o = fe* —you
might have ¢; and ¢9 interchanged].

Use this solution to solve the original equations for U . [HINT: Recall U =
S—lo].

(3) By only a slight modification of Exercise 2, solve

Ui’ = 21)1 — V2

vé’ = 31)1 - 21)2.

[Hint: Everything, even the algebra, is identical. The only difference is in part ¢) you
have to solve ®”’ = A®. Then V = S~1® as before].

A bathtub initially contains @1 gallons of gin and @9 gallons of vermouth, where
Q1+ Q2 = Q, Q being the capacity of the tub. Pure gin enters from one faucet at
a constant rate of R; gallons per minute, while pure vermouth enters from another
faucet at a constant rate Ry gallons per minute. The well stirred mixture of martinis
leaves the drain at a rate R+ R2 gallons per minute (so the total amount of fluid in
the tub remains constant at @) gallons). Let G(¢) be the quantity of gin in the tub
at time ¢ and V(¢) be the quantity of vermouth.

(a)

(b)
()

Show
dG G
E = Rl - @(Rl +R2)
dv %4
E — RQ - @(Rl + R2>

Integrate this simple system of equations to find G(¢) and V(¢). Also find their
ratio P(t) := G(t)/V(t) which is the strength of the martinis at time ¢.

Prove

. Ry
| P(t) = —.
tLIEO ( ) R2

Compare this with your intuitive expectations.

If Q1 =20,Q2=0,R; =Ry =1 gal/min, how long must I wait to get a perfect
martini (for me, perfect is 5 parts gin to 1 part vermouth). [Needless to say, the
mathematical model is applicable to many problems in the mixing of chemicals
which do not react with each other. If the chemicals do interact, the model must
be changed to account for the interaction].



6.5.

6.5

TRANSLATION INVARIANT LINEAR OPERATORS 283

Consider the homogeneous equation U’ = A(x)U, where A is non-singular (so
det A # 0). Assuming the validity of the existence theorem, prove there exists
n linearly independent vectors Ui(zx),Usa(z),...,U,(x) which are solutions, U] =
AUy, k =1,...,n. [Hint: Construct n solutions which are linearly independent at
x = zg, and then prove a set of n solutions are linearly independent in an interval
if and only if they are linearly independent at x = zg, where z( is a point in the
interval].

Let LU :=U’' — A(z)U as in Exercise 5. Prove dimN(L) =n.

Let LU :=U"— A(z)U . If a basis Uy,...,U,, for N(L) is known, prove the inho-
mogeneous equation LU = F' can be solved by variation of parameters. That is, seek
a particular solution U, of LU = F' in the form

U, = z": U;v;
i=1

where the v;(z) are scalar-valued functions (not vectors).

a) Compute U’ and substitute into the O.D.E. to conclude U, is a particular
p P p p
solution if
n
Z Uz"UZ,‘ =F.
i=1

(b) Let U be the n x n matrix whose columns are Uy, Us,...,U,. Prove U is
invertible and show

v;(ac) = (U_lF)ith component

(c) Show

n

Upla) = 3 Uita) [ 107 (5)F )i s
=1

This may also be written in the form

(d) Apply this procedure to find the general solution of
u’q =uj + e** cf. Ex1

uh = uy —ug + 1.

Translation Invariant Linear Operators

This section develops various extensions and applications of the procedure used to solve
linear ordinary differential equations with constant coefficients. The results will be proved
as a series of exercises interspersed by various remarks.

DEFINITION: The translation operator T; acting on functions u(x) is defined by the prop-

erty

(Tyu)(x) = u(x — t). z,t € R.
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A linear operator L is translation invariant if
LT, =T,L

for every t, that is, if
L(Tyu) = Ty(Lu)

for every ¢ and for every function u for which the operators are defined.
EXAMPLE: 1 Let (Lu)(x) := 3u(x) — 2u(x — 1) . Then
[Ti(Lu)](x) = 3u(x —t) — 2u(x —t — 1),

and
[L(Tiu)](x) = Lu(x — t) = 3u(x — t) — 2u(z —t — 1).

Thus,
LT‘t = T%L7

so the operator L is translation invariant.
2. Let (Lu)(z) := 3zu(x). Then

[Ti(Lu)l(z) = 3(z — t)u(z — 1),

and
[L(Tyw)](z) = Lu(x — t) = 3zu(x —t).

Thus
LT, # T,L,

so this operator is not translation invariant.

Exercises

(1) Which of the following linear operators (verify!) are also translation invariant?

(a) (Lu)(z) := cu(x), ¢ = constant

(b) (Lu)(z) := “EHM=u@) - py = congtant # 0.

(¢) (Lu)(zx) :/_m kE(x — s)u(s)ds

(d) (Lu)(z) := (z — Du(z)

() (Lu)(z) = §(x)

(f) Any linear ordinary differential operator with constant coefficients,

Lu = apu™ + ap_ ™Y + ... + aol, ap ~constants.
(g) Any linear ordinary differential operator with variable coefficients.
n
(h) (Lu)(x) = Zaku(m — k), ar and 7y, constants.
k=1

[Answers: All but d) and g) are translation invariant].
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(2)

If Ly and Ly are translation invariant operators which map some linear space into
itself, then so are

a). ALy + BLy, A,B constants
b) L1L2 and L2L1

c). If in addition L is invertible, then L~! is also translation invariant.

Theorem 6.10 . If L is a translation invariant linear operator, then

L(eM) = ¢(N\)e?.

PrOOF: We know so little about L that all we can hope to do is compute T;L(e*?)
and LT;(e*®) and see what happens. Let Le’ = 4(\; ), where ¢ is some unknown
function whose value depends on both A and x. Then

L) = v(Az — 1),

while
L]-vte)\x _ Le)\(xft) _ L(ef)\te/\x)

= e ML = 67)\%[)()\;56).
Since T;L = LT}, we find
e Mp(Nx) = p(Aa —t),

or
b(Asx) = Az —t)e.

Because the left side does not contain ¢, the right side must not depend on which
value of t is chosen. Using this freedom, we let ¢ = z and conclude

(A x) = (A 0)eM.
By setting ¢(A) = ¥(A,0), we find
LM = p(A;z) = p(N)eM”

as desired.

Exercises

By direct substitution, find ¢(\) for those operators in Exercise 1 which are trans-
lation invariant. [Answers: a) ¢(A) = ¢, b) ¢(\) = (e7® — 1)/h ¢) ¢()\) =

0
/ k(—s)e*ds, d) ¢(\) = eX, ) ¢(N) = Zak)\k (the characteristic polynomial),
- k=0

h) ¢(A\) = are k],
k=1
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(4) With the same assumptions and notation as in the theorem, if ¢(\) = 0 is a poly-
nomial equation with N distinct roots A1, Ag,...,An, 80 ¢(A;) =0,5=1,...,N,
prove any linear combination of the function eM?® is in N(L), that is,

N
Lu=0 where u(x)= che)‘j”.
1

(5) Apply the theorem to find the solution of Exercise 4 for the equation Lu = 0, where
(a) Lu:=u"—u —u.
(b) (Lu)(x) =u(z+2) —u(z+1) —u(z).
(c¢) Find a special solution of b) which satisfies the “initial conditions” u(0) = u(1) =

1. Compute u(2),u(3) and wu(4) directly from b). The integers u(n), n € Zy
are called the Fibonacci sequence. [Answer: w(2) = 2,u(3) = 3,u(4) =5, and

surprisingly,
n+1 n+1
1 [[1+V5 1-+5

(6) Solve u(z) — au(x — 1) + b?u(z — 2) = 0 with the initial conditions u(1) = a,u(2) =
a®? — b%>. Compare with Exercise 17, p. 440.

(7) Extend Exercises 5(b - ¢) and 6 to develop a theory of second order difference equations
with constant coefficients. Thus

Lu = asu(x + 2) + aqu(x + 1) + apu(x), as # 0, z € Z.
In particular, you should,

(a) Find two linearly independent solutions of Lu = 0. Remember the degenerate
case a% —4agas = 0.

(b) Prove there is at most one solution of the initial value problem Lu = f, u(0) =
ap, u(l) =aq.

(¢) Prove dim N(L) =2.

REMARKS: The ideas presented above generalize immediately to the case where X € R"
instead of just R!, as well as to the case where the u’s are vectors and not scalars. These few
concepts lie at the heart of any treatment of many linear operators with constant coefficients,
especially ordinary and partial differential operators. This mildly abstract formulation
manages to penetrate through the obscuring details of particular cases to observe a rather
simple structure unifying many seemingly different problems.

6.6 A Linear Triatomic Molecule

A molecule composed of three atoms is called a triatomic. Consider a triatomic molecule
whose equilibrium configuration is a straight line with two atoms of equal mass m situated
on either side of a central atom of mass M .
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| A FIGURE GOES HERE |

To simplify the situation further, we shall only consider the motion along the straight
line (axis) of these atoms, and shall assume the inter-atomic forces can be approzimated by
springs with equal spring constants k. w1 (t),us(t) and us(t) will denote the displacements
of the atoms (see fig.) from their equilibrium position.

Newton’s second law, mii = > F, will give the equations of motion. The atom on
the left only “feels” the force due to the spring attached to it, the force being equal to the
spring constant k times the amount that spring is stretched, uws — u; . Thus,

mill = k(UQ — ul).

The central atom “feels” two forces, one from each side, with the resulting equation of
motion

Miiy = —k(ug — uq) + k(ug — ug).

In the same way, the equation of motion for the remaining atom is

mﬁg = —k(U3 — UQ).
Collecting our equations, we have
. k k
Uy = ——ui + —u
m m
.k 2k n k
liy = prur — pruz + U
. k k
i3 = —Ug — —U3.
m m

These are a system of three linear ordinary differential equations with constant coefficients.
They cannot be integrated as they stand since each equation involves functions from the
other equations, that is, the equations are copied (not surprising since we are considering
coupled oscillators. Now we can integrate such a system immediately if they are in the
simple form

b1 = Moy
ba = oo
b3 = N33

by integrating each equation separately. By using an important method, we will be able to
place our system in this special form.
Before doing so, it is suggestive to rewrite the system in matrix form

. k k

(5] ~m m 0 Ul
7 — Kk _2k K

P A N SR A B
UB O a —R U3

Letting A denote the 3x3 matrix, our hope is to somehow change A into a diagonal matrix
(one with zeroes everywhere except along the principal diagonal), for then the differential
equations will be in a form mentioned above which can be immediately integrated.



288 CHAPTER 6. LINEAR ORDINARY DIFFERENTIAL EQUATIONS

The trick is to replace the basis w1, u9,u3 by some other basis in which the matrix
assumes a diagonal form. The differential equation can be written in the form

U = AU,

where U = (u1,us,us), and the derivative of a vector being defined as the derivative of
each of its components. Let ¢1(t), p2(t), and ¢3(t) be three other functions - which we
plan to use as a new basis. Then the ¢;’s can be written as a linear combination of the
Uj ’S,

¢ = s11u1 + S12U2 + S13U3

G2 = S21u1 + S22u2 + S23U3

¢3 = S31U1 + S32U2 + S33U3,

where s;; are constants. Writing S = ((s;;)) and ® = (¢1, ¢2, ¢3) , this last equation reads
o = SU.

Taking the derivative of both sides (or going back to the equations defining ¢; in terms of
the uy’s), we find ) )
®=95U.

Because both w1, us and us as well as ¢1, ¢, and ¢3 are bases for the solution, the matrix
S must be non-singular (its inverse expresses the qﬁgs in terms of the u;’s). Thus

b= SAS 1o,

The problem has been reduced to finding a matriz S such that the matriz SAS™! is a
diagonal matriz,

A 00
SAS™ =1 0 X 0 | =A.
0 0 \;
Multiply by S~! on the left:
AS™! = 1A,

Since this equation is equally between matrices, their corresponding columns must be equal.
Thus, if we denote by S;, the ith column of S™!, the above equation then reads

Agi = )\igi,

or

(A—N\I)S; = 0.

For each ¢ this is a system of three linear algebraic equations for the three components of

S; . If there is to be a non-trivial solution, we know

det(A — \I) = 0.

Since
—k N\ k 0
det(A — \I) = o=\ £
0 v —E_\
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(algebra later)

_ —)\i(% + )N+ (% 2 )k]

We see the three possible values of A for det(A — \;I) =0 are

m

k 2 1
M =0, =——, A3 = —k(— +

m

These numbers \; are the eigenvalues of A. The non-trivial solution S; of the homo-

A

geneous equations (A — \;1)S; = 0 corresponding to the ith eigenvalue is called the
eigenvalue of A corresponding to the eigenvalue ;. For example, S is the solution of
(A — X2I)S =0 corresponding to Ay = —k/m,

. k. .
05812+ —8992 + 05325 =0
m

k . (Qk‘ k Visa + k . 0
— 819 — (— — —)3 — 8§39 =
o Mmoo
0512 + — S99 + 0539 = 0.
m
We see S99 = 0 while §19 = —8§35. Thus, one solution is
Sy = (1,0, —1)
Similarly we find one solution for S s

S’l == (17 17 1)7

while one solution for Sj3 is

The computation is over. All that remains is to put the parts together and interpret
the solution. If you got lost, presumably this recapitulation will help. We have found a
transformation S to new coordinates (¢1, d2,¢s) such that the differential equations for
the ¢;’s are in diagonal form, by = Ajdj,

$1=0

The solutions are
¢1(t) = A1 + Bit,

k k
P2(t) = Az cos \/7 + By sin \/7
m m
2 1 ) 2 1
¢3 = Az cos k(M + E)t + Bjgsin k<M + E)t
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Since ® = SU, and the S’j are the columns of S~

1 1 1

-1 _ 2
st=(1 o -2 |,

1 -1 1

we have U = S~1® |
ur(t) = ¢1(t) + p2(t) + ¢3(t)
wB) =6t~ ol

us(t) = ¢1(t) — P2(t) + d3(t)
Although the solutions ¢1(t), ¢2(t), and ¢3(t) can now be substituted into the first
set of equations for the wu;’s, it is more instructive to leave that step to your imagination
and analyze the nature of the solution.

(1) If ¢1(t) #0 but ¢a(t) = ¢3(t) =0, then
Ul (t) = UQ<t) = U3(t) = A, + Bit.

Thus all three atoms - the whole molecule - moves with a constant velocity Bj .
This is the trivial translation motion of the molecule, simply moving without internal
oscillations at all.

(2) If ¢2(t) # 0 but ¢1(t) = ¢3(t) =0, then
ul(t) = qbg(t) = *Ug(t), and U2(t) =0.

Thus, the two outside atoms vibrate in opposite directions with frequency +/k/m
while the center atom remains still:

| A FIGURE GOES HERE |

(3) If ¢3(t) # 0 but ¢1(t) = ¢2(t) =0

ur(t) = us(t) = Bs(0), walt) = — 7 ds(t)

A bit more complicated. The two outside atoms move in the same direction with same

frequency kz(% + %) , while the center atom moves in a direction opposite to them and

with the same frequency but a different amplitude (to conserve linear momentum mau; +
My + mus = 0). In the figure we take m = M .

| A FIGURE GOES HERE |

These three simple motions are called the normal modes of oscillation of the molecule.
They are the oscillations determined by the ¢1, @2, and ¢3. Every motion of the system is
a linear combination of the normal modes of oscillation, the particular oscillation depending
on what initial conditions are given. By an appropriate choice of the initial conditions, one
or another of the normal modes will result. Otherwise some less recognizable motion will
result.

Exercises
Consider the simpler model of a diatomic molecule
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| A FIGURE GOES HERE |

which we will represent as two masses joined by a spring with spring constant k.
(a) Show the equations of motion are
mily = k(uz — uy)
Miip = —k(ug — uq)
(b) Introduce new variables, ® = SU ,
¢1 = s11 + S12U2

¢ = S21U1 + S22u2,

and find S so that the equation
®=S5A45""'0
is in diagonal form.

(c) Solve the resulting equation and find the normal modes of oscillation. Interpret your
results with a diagram.



292 CHAPTER 6. LINEAR ORDINARY DIFFERENTIAL EQUATIONS



Chapter 7

Nonlinear Operators: Introduction

7.1 Mappings from r' to r!, a Review

The subject of this section is one you presumably know well. Our intention is to briefly
review the more important results, stating them in a form which suggests the generalizations
we intend to develop.

Consider a function y = f(z), z € R. This function assigns to each number x another
real number y. Thus we may write

fTR—>R.

f is a scalar-valued function of a scalar. What are the simplest such functions? Linear
ones of course,

f(x) =ax +0.
In keeping with our more sophisticated terminology, this should be called an “affine” func-
tion (mapping, operator, ...) since it is linear only if b = 0. We shall, however, be abusive

and refer to such functions as linear mappings. The study of linear functions in one variable,
x , is carried out in elementary analytic geometry.

At an early age we enlarged our vocabulary of functions from linear ones to a more
general class which includes, for example,

f1(2) = az® + bz + ¢, fo(z) = sinz, f5(z) = V7.

These functions are all examples of nonlinear functions. They map the reals (only the
positive reals in the case of f3) into the reals. The portion of the reals for which they are
defined is called their domain of definition, D(f). Thus

D(f1) =R, D(fo) =R, D(fs) ={zcR': 2> 0}.

The class of all real valued functions of a real variable is too large to consider. For
most purposes it is sufficient to restrict oneself to the class of continuous or sufficiently
differentiable functions.

Here is an outline of the basic definitions and theorems from elementary calculus. In
our prospective generalization from the simplest case of a function (operator) f which
maps numbers to numbers, f: Rl — R, to the case of a function from vectors to vectors
f:R™ — R™, all of these concepts and results will need to be extended.

293
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DEFINITION: aj, converges to a, a; and a € R'.
DEFINITION: Continuity.

Theorem 7.1 The set of continuous functions forms a linear space.
DEFINITION: The derivative: limit of difference quotient.
Theorem 7.2 1. g%(afj bg) = a%f + bg—g (linearity)
2. L(fg)= fd—% —Cll— (%)g (Product rule)
3. L(fog)= d—éﬁ (Chain rule)
Theorem 7.3 The Mean Value Theorem.

DEFINITION: The integral.

Theorem 7.4 1. /f :—/af(ac)dx
o [ i [ sy [
/ (o f (&) + B(x)] do = / D di 45 / 2)de (lincarity)

b do o(b)
4. / (fo qﬁ)(az)@ dx = / f(z)dx (Change of variable in an integral)
a @

/ f(z g da: = fg ‘ (x)dx (Integration by parts).

REMARK: These theorems contain essentially all of elementary calculus. What are missing
are specific formulas for the derivatives and integrals of the basic functions as well as the
application of these theorems to compute maxima, area, etc.

Exercises

(1) Use the definition of the derivative (as the limit of a difference quotient) to compute
the derivatives of the following functions at the given point.

a). 32—z +1,20=2

b) %H, o = 2
C). H—Lx’ Trog = 2
d). 1%, z=z0# L
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(2) Use the definition of the integral to evaluate

2
/ 22 dz.
0

You should approximate the area by rectangular strips and evaluate the limit as the
n(n+1)(2n+1)

width of the thickest strip tends to zero. [Hint: 12422432 +4...4n? = ]
(3) Prove that
6<log2<.8  (log2=0.693)

by using the definition of the integral to find upper and lower bounds for

21
log2—/ —dz.
1 T

(4) Find the equation of the straight line which is tangent to the curve f(z) = z7/% +1
at x = 1. Draw a sketch indicating both the curve and tangent line. Use the tangent
line to approximately evaluate (1.01)7/2. Find some estimate for the error in your
approximation.

7.2 Generalities on Mappings from r" to rR™.

A function, or operator, F' which maps R™ to R™, is a rule which assigns to each vector
X in R™ another vector Y = F(X) in R™. It is a function from vectors to vectors, a
vector-valued function of a vector. We have already discussed the case when F' is an affine
operator,

Y=FX)=b+LX

or in coordinates,

y1 = bi+anze+ -+ apTi,
Y2 = by+aoize+ -+ awma,
Ym = bm + am1r2 + - + AmnTy

Linear algebra can be thought of as the study of higher dimensional analytic geometry, the
affine transformations taking the role of the straight line y = b+ cz .
But now it is time to consider more complicated mappings from R” to R™. Here is an

Y1 = x1 + xosinmrs

Yo = el—acl _ \/37»2

This transformation maps vectors X = (1,72, 73) € R? tovectors Y = (y1,y2) € R?. Note
the second function is only defined for xzo > 0. Thus the domain of the transformation F
is

EXAMPLE: {

D(F)={X eR®: 29 >0}.

For example, F' maps the point (1,4, %) into the point (3,—1).
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It is usual to write a transformation F which maps a set A C R™ to a set B C R™ in
terms of its components,

y1 = fi(z,.. ) = f1(X)
Yv2 = fol@1,...,20) = fa(X)

Ym = fm(x17-~~7xn>:fm(X)7

or more concisely as

Y = F(X).

To discuss continuity etc. for nonlinear mappings from R” to R"", it is necessary that
the distance between points be defined. We shall use the Euclidean norm - although any
other norm could also be used. If X = (z1,...,2}) is a point (or vector, if you like) in R”,

then | X| = /22 +--+ x% To review briefly, a sequence of points X, in R* converges
to a point X in RF if, given any e > 0, there is an integer N such that

| X; — X|| <€ textforall j > N.

An open ball in R¥ of radius r about the point Xy is the set B(Xp;r) = { X € R*: || X —
Xo” < T} .
A closed ball in R¥ is

B(Xo;r) ={X e R*: | X — Xo|| <7}

The only difference is the open ball does not contain the boundary of the ball. In two
dimensions, R?, the names open and closed disc are often used.

A set D C R* is open if each point X € D is the center of some ball contained entirely
within D . The radius may be very tiny. Every open ball is open, as can be seen in the
figure. A closed ball is not open since there is no way of placing a small ball about a point
on the boundary in such a way that the small ball is inside the larger one. A set A is
closed if it contains all of its limit points, that is, if the points X; € A converge to a point
X, X; — X, then X is alsoin A. An open ball is not closed, for a sequence of points
in the ball may converge to a point on the boundary, and the boundary points are not in
the ball. For the special case of R!, these notions coincide with those of open and closed
intervals. Again, sets - like doors - may be neither open nor closed.

A point set D is bounded if it is contained in some ball (of possibly large radius). The
point X is exterior to D if X does not belong to D and if there is some ball about X
none of whose point are in D. X is interior to D if X belongs to D and there is some
ball about X all of whose points are in D. X is a boundary point of D if it is neither
interior nor exterior to D . Note that a boundary point of D may or may not belong to
D . For example, the boundaries of the open and closed balls B(0;r), B(0;r) are the same.
The boundary of a set D is denoted by 9D . It is evident that a set is open if and only
if every point is an interior point, and a set is closed if and only if it contains all of its
boundary points.

DEFINITION: Let A be a set in R™ and C a set in R™. The function F: A — C is
continuous at the interior point Xg € A if, given any radius € > 0, there is a radius é > 0
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such that
|F(X) - F(Xo)| <€ textforall || X — Xol <.
[Observe the norm on the left is in R” while that on the right is in R"™].
It is easy to prove

Theorem 7.6 . An affine mapping F(X) = b+ LX from R™ to R™ is continuous at
every point Xg € R™ .

PROOF: First, F(X)— F(Xo) =b+ LX —b— LXo = L(X — Xp). Thus,
[1F(X) = F(Xo)|| = [[L(X — Xo)|.-

Let ((asj)) be a matrix representing L with respect to some bases for R” and R™. Then
by Theorem 17, p. 373

IL(X — Xo)||* = (L(X — Xo), L(X — Xo)) < k[|L(X — Xo)|l | X — Xoll,

where
m n
K2 = Z Z a?j.
i=1 j=1
Therefore
I L(X — Xo)| < K[| X — Xol.

It is now clear that if X — X, then L(X — Xy) — 0. More formally, given any € > 0, if
0 = 757, we have
|F(X) - F(Xo)| <€ textforall || X — Xol <.

The following theorems have the same proofs as were given earlier for special cases. (See a
first year calculus book and our Chapter 0).

Theorem 7.7 . Let Fy and F5 map A CR"™ into C CR™ . If I} and Fs are continuous
at the interior point Xy € A, then

1. aFy + bFy is continuous at Xg .

2. (Fy, Fy) is continuous at Xy .

Theorem 7.8 . Let F' = (f1,...,fm) map A CR" into C CR™. Then F is continuous
at the interior point Xog € A if and only if each of the f;, 7 =1,...,m, is continuous at
Xo -

Theorem 7.9 . Let F': A— C, where A is a closed and bounded (= compact) set. If F
s continuous at every point of A, then it is bounded; that is, there is a constant M such
that ||[F(x)|| < M for all X € A. Moreover, if My is the least upper bound, then there is
a point Xog € A such that ||[F(Xo)|| = Mo . Similarly, if mo is the greatest lower bound
for ||F||, then there is a point X1 € A such that |F(X1)| = mp .

There is nothing better than to close this otherwise unauspicious section with one of
the crown jewels of mathematics - the Fundamental Theorem of Algebra, all of whose proofs
require the non-algebraic notion of continuity. Let

p(z) =ap+arz+ -+ apz", (n>1),

where the a;’s are complex numbers and a,, is not zero.
For every complex number z, the value of the function p(z) is a complex number.
Thus p: C — C. We want to prove there is at least one zy € C such that p(z9) =0.
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Lemma 7.10 . p(z) is a continuous function for every z € C.
PROOF: Identical to the proof that a real polynomial is continuous everywhere.

Lemma 7.11 Let D be a set in the complex plane in which p(z) # 0. The minimum
modulus of p(z), that is, the minimum value of |p(z)|, cannot occur at an interior point
of D. It must occur on the boundary 0D of D .

PROOF: Let zy be any interior point of D . Rewrite p(z) in the form
p(z) =bo+bi(z— z0) + -+ bp(z — 20)".

Since p(zp) # 0, we know by # 0. Also, because p is not identically constant, at least one
coeflicient following by is not zero. Take by to be the first such coefficient. We must write
bo, b and z — zp in polar form,

bo = poe"® by = pre® 2 — 29 = pe®,

where po = |p(20)|, p1 and p are positive real numbers. Here we are restricting z to a
point on a circle of radius p about zg, after taking p small enough to insure this circle is
interior to D . Then

p(Z) :po@ia+p1€iﬁpk6ik0+bk+1(z—Zo)k+1—|—"'+bn(2’—20)n

- poeia + plpkei(/@+k9) + (Z — Zo)k+1[bk+1 4+ bn(z _ Zo)n_k_l],

Pick the particular point Z on the circle whose argument 6 is given by f+kf = a+ 7.
Then ei(F+k0) — gilatn) — _gia g

p(2) = (po — P1,0k)eio‘ + (2 - ZO)kH[ka e bp(2— ZO)n—k—l].
By the triangle inequality we find
Ip(2)] < ‘po = p1pk‘ g | - o] PR
Choose the radius p so small that pg — p1p* > 0. Then

’p(é)’ < po— Plpk + pk+1[|bk+1‘ R |bn’ pnfk—l]'

By choosing p smaller yet, if necessary, we can make the term p||bpy 1|+ +|bn| p" ¥ <
%pl . Consequently,

A 1 1
P(3)] < po = prp" + S p1pt = po = 51"
< po = |p(20)]-

Thus, if 2y is any interior point of a domain D in which p does not vanish, then there is
a point Z also interior to D such that [p(z)| < |p(z0)|. Therefore, the minimum of |p(z)|
must occur on the boundary of any set in which p does not vanish.

Lemma 7.12 . Given any real number M , there is a circle |z| = R on which |p(z)| > M
forall z, |z| = R.
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PROOF: For z # 0, we can write the polynomial p(z) as

z Qp— a
p():an+ n-l, 9%

Ak z Zn

From the triangle inequality written in the form |fi + fo| > |f1| — | f2], we find

p(2)

ZTL

Ay — a
n 1_|_..._f_70

> |an| —

PO

If |z| is taken large enough, |z| > Ry, it is possible to make the second term on the right
less than |a,|/2,

A=t 4 90 & a—n, texton |z| =R > Ry
z " 2
Therefore, for |z| = R > Ry
p(z a 1
’ (n) > ‘an’_ ?TL :i‘an’7

o)
1
Ip(z)] > 5 lan| R, texton |z| = R.

It is now clear that by choosing R sufficiently large, [p(z)| can be made to exceed any
constant M on the circle |z| = R.

Theorem 7.13 (Fundamental Theorem of Algebra). Let
p(z) =ap+arz+ -+ apz", an #0,n>1,

be any polynomial with possibly complex coefficients, ag,a1,...,an. Then there is at least
one number zy € C such that p(zg) = 0. In other words, every polynomial has at least one
complez root.

PRrROOF: By Lemma 3, we can find a large circle |z| = R, on which |p(z)| > 2]ag| for all
|z| = R. Since p(z) is a continuous function, by Theorem 4 there is a point zp in the closed
and bounded disc |z| < R for which |p| attains its minimum value mo, |p(z0)| = mo. If
p(z0) = 0, we are done. However if p does not vanish inside the closed disc, by the
important Lemma 2 its minimum value is attained only on the boundary, so zy is on the
circle |zg| = R. But on the circle we know |p(z9)| > 2|ag| = 2|p(0)|, so the minimum is
not at zo after all. The assumption that p does not vanish in the disc |z| < R had led us
to a contradiction. Notice the proof does not give a procedure for finding the root whose
existence has been proved.

Exercises

1. Prove Theorem 2, part 1.

2. Use the Fundamental Theorem of Algebra along with the “factor theorem” of high
school algebra to prove that a polynomial of degree n has exactly n roots (some of which
may be repeated roots).
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7.3 Mapping from &' to E"

As a particle moves along a curve  in E™ its position F(¢) at time ¢ can be specified
by a vector

X =F(t) = (@), f2(t), ..., fult),

where x; = f;(t) is the jth coordinate of the position at time ¢. Thus, the curve is
specified by F(t), a mapping from numbers to vectors, F': A C E! — E" where A is the
domain of definition of F'.

For example, the mapping

F:t— (cosmt,sinnt,t), te€ (—o00,00)
which may also be written as
F(t) = (cosmt,sint, t)

can be thought of as describing the motion of a particle along a helix.

It is natural to ask about the velocity, which means derivative must be defined.
DEFINITION: Let F(t) define a curve v for t in the interval A = [a,b]. Consider the
difference quotient

F(t+h) — F(t)

N , t textand t+h in A,

where t is fixed. If this vector has a limit as h tends to zero, then F' is said to have a
derivative F'(t) at t,

pw_E%F@+2—F®

I

while the curve has slope F'(t) at t. Some other common notations are
F(t),

The curve + is called smooth if i) the derivative F’(t) exists and is continuous for each ¢
in [a,b], and if ii) ||F'(t)|| # 0 for any point ¢ in [a,b].

If ¢ represents time, then F’(t) is the velocity of the particle at time ¢ while ||F'(¢)]|
is the speed.

If F(t) is given in terms of coordinate functions, F':t — (fi(t),..., fu(t)), how can
the derivative of F' be computed?

Theorem 7.14 . If F(t) = (fi(t),..., fa(t)) is a differentiable mapping of A C E! into
E™, then the coordinate functions are differentiable and

aF _(dh dia  dfa
dt  \dt’ dt’ dt )’

Conversely, if the coordinate functions are differentiable, then so is F(t) and the derivative
is given by the above formula.
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PrOOF: If t and ¢+ h are both in A, then

s h;)L — P _ %[(fl(t +h), .. fult+h) = (fi(t), .. fulD))]

- <f1<t+h>—f1<t> fn<t+h>—fn<t>)
h C h

Since the limit as h — 0 of the expression on the left exists if and only if all of the limits

iy L1+ R) = [5(1)
h—0 h ’

i=1....n
exist, the theorem is proved.
EXAMPLES:

(1) If F:t— (cosmt,sinnt,t), t € (—o0,00), F is differentiable for all ¢ since each of
the coordinate functions are differentiable. Also,

F'(t) = (—7wsinmt, wcos7t, 1).

In addition, the curve - a helix - which I defines is smooth since I’ is continuous
and

IF' ()| — Va2sin? it + w2 cos? mt + 1 = /72 + 1 # 0,

(2) Let F:t — (a1 + bit,az + bat,a3 + b3t) = P + Qt where P = (ay,a2,a3) and
Q = (b1,ba,b3) are constant vectors. Then the curve F defines is a straight line
which passes through the point P = (aj,a2,a3) at t =0. F is differentiable for all
t, since each of the coordinate functions are differentiable. Furthermore,

F/(t) = Q = (blvanb?))?

a constant vector pointing in the direction @ = (b1,be2,b3), as is anticipated for a

straight line. Because
IF' @) = [1QII = /0% + b3 + b3,

this curve is smooth except in the degenerate case by = bs = b3 =0, that is, Q@ =0,
when the curve degenerates to a single point, F(t) = (a1, a9,a3) = P.

(3) The curve defined by the mapping F': ¢ — (¢,|t|) is differentiable everywhere and
|F'(t)]] # 0 except at t = 0. It is not differentiable there since the second coordinate
function, fa(t) = |t| is not differentiable at ¢ = 0. Thus, the curve is smooth except
at t=0.

(4) The curve defined by the mapping F': t — (t3,t?) is differentiable everywhere, and
F'(t) = (3t 2t).

However, ||[F'(t)|| = v9t* + 42, so the curve is smooth everywhere except at t =0,
which corresponds to a cusp at the origin in the x1,z9 plane.
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It is elementary to compute the derivative of the sum of two vectors. The derivative
of a product can be defined for the inner product, and for the product with scalar-valued
function.

Theorem 7.15 . If F(t) and G(t) both map an interval A C E' into E", and are both
differentiable there, then for all t € A,

1. %[aF +bG| = a% + b% (linearity of the derivative).

2. %(F, G) = (F', G)+(F, G'), (in “dot product” notation: %(F'G) =F'-G+F-G').

PROOF: Since these are identical to the proofs of the corresponding statements for scalar-

valued functions, we prove only the second statement.

SUF(), G() = lim L[(F(+ h), Gt + ) — (F(0), G(1)]

= (F'(t), G(t)) + (F(t), G'(1)).

An interesting and simple consequence is the fact that if a particle moves on a curve
F(t) which remains a fixed distance from the origin, ||F'(t)|| = constant = ¢, then the
velocity vector F’ is always orthogonal to the position vector F'. This follows from

= |F@)|* = (F(t), F(t)),
so taking the derivative of both sides we find
0=(F,F)+(F, F')=2(F F').

Thus (F, F') = 0 for all t, an algebraic statement of the orthogonality. As a particular

example, the mapping
T

™ . )
sin

L+t27 14142

has the property ||F(t)|| =1 for all t. You can see the path of the particle in the figure.

At ¢t =0 the particle is at (—1,0). As time increases, the particle moves along an arc of

the unit circle toward (1,0), reaching (0,1) at ¢ = 1. The velocity at time ¢ is

F(t) = (cos

27t
(1+1¢2)?

F'(t) = ).

(si 7r 0
sin ,—C0S ———

142 1+ ¢2
From this expression, it is evident the particle slows down as it approaches (1,0). In fact,
the particle never does manage to reach (1,0).

We would like to define the notion of a straight line which is tangent to a smooth
curve at a given point. There is one touchy issue. You see, the curve may intersect itself,
thus having two or more tangents at the same point. Once acknowledged, the difficulty is
resolved by realizing that for each value of ¢, there is a unique point F'(t) on the curve.
Xy is a double point if F(t1) = F(t2) = Xo .
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By picking one value of t, there will be a unique tangent line to the curve for this value
of t. Thus, we define the tangent line for ¢ = ¢; to the curve defined by a differentiable
function F'(t) as the straight line whose equation is

A(t) = F(t1) + F'(t1)(t — t1).

At t =t;, the curves defined by F(t) and A(t) have the same value F(t;) = Xy and the
same derivative (slope), F'(t).

ExaMPLE: Consider the curve defined by the mapping F:t — (3 + 3 —t,t> — 1), t €
(—00,00). The point (3,0) is a double point since F:0 — (3,0) and F:1 — (3,0).
Thus, the line tangent to the point (3,0) when t =1 is defined by

Alt) = (3,0)+ (2,1)(t — 1) = (3,0) + (2(t — 1), (t — 1))

A(t) = (1,-1) + (2t,1).

Since we are still working with functions F'(¢) of one real variable t, the mean value
theorem and chain rule follow immediately by applying the corresponding theorems for
scalar valued functions to each of the components fi(¢),..., fn(t) of F(t).

Theorem 7.16 (Approzimation Theorem and Mean Value Theorem). If the vector valued
function F(t) is continuous for t € [a,b] and differentiable for t € (a,b) then for to €
(a,b).

1. F(t) = F(to) + 9|, (t — to) + R(t, to) |t — to| where

lim || R(t, to)]| = 0.
t—to

2. There is a point T between t and ty such that
17 () = F(to)ll < [F'(7)I |t — tol -
3. If F=(f1,...,fn), there are points 11,...,7, between t and ty such that
F(t) = F(to) + L(t — to),
where L 1is the linear transformation

L= (f{(Tl)vfé(TQ)v s 7f7/1(7—n))

REMARK: Although 1 and 3 follow from the one variable case f(t)—and will be proved

again in greater generality later on - the proof of 2 is difficult under our weak hypothesis. If

the stronger assumption, F' is continuously differentiable, is made, then 2 becomes easy, and

the factor ||F’(7)|| can be replaced by a constant M = Iél[a}z |F'(7)]|, since a continuous
TEC|Q

)

function [|F'(7)|| does assume its maximum if 7 is in a closed and bounded set, T € [a,b] .

Corollary 7.17 . If F satisfies the hypotheses of Theorem 8 and if F'(t) = 0 for all
t € [a,b], then F is a constant vector.

PROOF: Just look at 2 or 3 above to see that for any points t,¢y in [a,b], we have
F(t) = F(to) .
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Theorem 7.18 (Chain Rule). Consider the vector-valued function F(t) which is differ-
entiable for t € (a,b), and the scalar valued function ¢(s) which is differentiable for
s € (a, B) . If the range of ¢ is contained in (a,b), R(¢) C (a,b), then the composed func-
tion G(s) = (F o ¢)(s) = F(¢(s)) is differentiable as a function of s for all s in (o, )
and

that is,

G dF  d$ . dF

do
E(S) = i (¢)£(5) = E(t) -

(s).
t=p(s) 05

If F(t) = (f1(t),..., fn(t)), then
G(s) = F((s)) = (f1(d(5)), - -, fu(¢(s)), and
G'(s) =)[1(9)(5), -, [(@)9'(5))
= (f1(®),-- - fa(0)¢'(s).

Proof not given here. It is the same as that given in elementary calculus for n = 1. A more
general theorem containing this one is proved later (p. 701).

EXAMPLES:

1. If F(t) = (1 —t%,t3 —sinnt) and ¢(s) = e, then G(s) = (F o ¢)(s) = (1 —
e 25 e 3% —ginme2). We compute G’(s) in two distinct ways, using the chain rule, and
directly from the formula for G(s). By the chain rule:

G(5) = F'(0)], s '(5)
= (—2t,3t> — 7 cos 7rt)|t:€,s(—)e_s

= —(—2e7%,3e7% —wcosme %)e”?,

In particular, at s =0, since t =1 when s =0, we find
G'(0)=—(-2,3+7) = (2,-3,—7)
Directly from the formula for G(s) = (1 — 2%, —3e73* —sinme™*), we find
G'(s) = (2¢72%, =3¢ 3% 4 me~° cos me ™ 2),

which agrees with the chain rule computation.

Since the derivative F’(t) of a function F(t) from numbers to vectors, F:E! — E"
is also a function of the same type, the second and higher order derivatives can be defined
inductively;

42 d dF+1 d
—SF(t) = —F'(t), = F(t) = — F®(1).
(1) = SF W), S F () = S FO ()
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ExAMPLE: If F:t — (coswt,sinwt,t), then

d
F'(t) = @(—ﬂ' sint, wcos t, 1)

2 2

= (—n* cost, —m“sin7t, 0).

If F(t) represents the position of a particle at time ¢, then F”(t) is the acceleration
of the particle at time ¢. All of these ideas were used in the last two sections in Chapter 6
where linear systems of ordinary differential equations were encountered. Time permitting,
a second application to a non-linear system of O.D.E.’s will be treated in Section of Chapter.
There another of the crown jewels in the intellectual history of mankind will be discussed:
Newton’s incredible solution of “the two body problem”, that is, to determine the motion
of the heavenly bodies.

Recall that the length of a curve is defined to be the limit of the lengths of inscribed
polygons which approximate the curve as the length of the longest subinterval tends to
zero - if the limit does exist. Let the curve ~, which we assume is smooth, be determined
by the function F(t),t € [a,b]. Then the length of the straight line joining F'(t;) to
F(t; + Atj),tj1 =t + Aty is

Pl Ay) - F)

| F'(t; + At;) — F(t5)] Al

1AL

Adding up the lengths of these segments and letting the largest At; tend to zero, we find
the length of « is given by

b
() = / | (@) db.

If the function F is defined through coordinates, F(t) = (fi(t),..., fu(t)), this formula
reads

b
o) = [P

You will recognize the special case where F(t) = (z(t),y(t))

b
L(y) = / Va4 g2 dt.

ExaMPLE: Find the length of the portion of the helix ~ defined by F(t) = (cost,sint,t),
for t € [0,27]. This is one “hoop” of the helix. Since F'(t) = (—sint,cost, 1), we have

|IF'(t)]| = V/sin2t + cos?t + 1 = v/2, so the length is

L(vy) = 7 V2dt = 2mV/2.

0

For each t € [a,b], we can define an arc length function s(t), the arc length from a to
t, by

s(t) = / | (7)dr.

Note we are using a dummy variable of integration 7. By the fundamental theorem of
calculus, we have

ds
= = |F'(¢
o = IF @l
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Since ds/dt can be thought of as the rate of change of arc length with respect to time, it
is the speed of a particle moving along the curve, the tangential speed.

The integral used in arc length is the integral of a scalar- valued function ||F'(t)].
How can we define the integral of a vector-valued function F(t) = (fi(t),..., fn(t))? Just
integrate each component, assuming they are all integrable of course,

/abF(t) dt := (/:ﬁ(t) dt,---,/abfn(t) dt).

For example, if F(t) = (t — 3t2,1 — v/2t,¢e%) | then

/02 F(t)dt = (/Oz(t — 3t2)dt,/02(1 —V2t) dt, /02 ¢ dt)

2
= (=4, 5.~ ).

We give no physical interpretation of the integral (as an area or the like) except in the case
b

where F'(t) represents the velocity of a particle. Then / F(t)dt is the vector pointing
a

from the position at ¢ = a to the position at t =15.

Exercises

(1) (a) Describe and sketch the images of the curves F: E! — E? defined by
(i) F(t)=(2t3-1)
(if) F(t) = (2t,[3 — 1)
(iii) F(t) = (2,1 +t?)
(iv) F(t) = (2t,sint)
(v) F(t)=(£1+¢")

(b) Which of the above mappings are differentiable and for what value(s) of ¢? Find
the derivatives if the functions are differentiable. Which of the curves defined by
these mappings are smooth, and where are they not smooth?

(2) Use the definition of the derivative to find F’(t) at ¢t = 2w for the functions
a). F(t)=(2t,3—1) t € (—o0,00).
b). F(t) = (1+t2sin2t). te€ (—o0,00).
(3) Find the lengths of the curves ~ defined by the mappings
a). F(t) = (a1 + bit,ao + bot, ..., ay + bnt), =P+Qt, te [O, 1]
b). F(t) = (sin2t,1 — 3t, cos 2t, 2t3/2) ¢t € [—, 27]
(4) Consider the curve defined by the equation
F(t)=(t—t3t* —t? +1), tec (—o0,00)
a). Sketch the curve.

b). Where does the curve intersect itself?

c¢). Find the line tangent to the curve at the image of t =1.
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(5) If F: ACE! — E" is twice continuously differentiable and F”(t) =0 for all t € A,
what can you conclude? Please prove your assertion. [Hint: First consider the special
case where F: E! — E!].

(6) Let F(t) be a twice differentiable function which maps a set in E! into E" and
satisfies the ordinary differential equation F” + puF’ + kF = 0, where k and u are
positive constants. Define the energy as

1 1
E(t) = §HF/||2 + ikHFHZ

(a) Prove FE(t) is a non-increasing function of t (energy is dissipated). [Hint:
dE/dt =7].

(b) If F(0) =0 and F'(0) =0, prove E(t)=0.

(c) Prove there is at most one function which satisfies the given differential equation

as well as the initial conditions F(0) = A, F'(0) = B, where A and B are
given vectors.

(7)) If F(t) =(1— th,t?’,ﬁ), and ¢(x) = 14%33’ z > —1, compute S-(F o¢)(z) by

using the chain rule.
(8) Compute d?F/dt? for the function F(t) in Exercise 7.

(9) (a) Show that the equation of a straight line which passes through the point P; at
t=0and P at t=11is

F(t) = P+ (P, — Pt

(b) Find the equation of a straight line which passes through the point P; = (1,2, 3)
at t=0 and P, =(1,-5,0) at t=1.

(¢) Find the equation of a straight line which passes through the point P, at ¢t = t;
and Py at t =1ty.

(d) Apply this to find the equation of a straight line which passes through P, =
(=3,1,-2) at t = —1 and P, = (0,2,1) at t = 2. What is the slope of this
line?

(10) Given a smooth curve all of whose tangent lines pass through a given point, prove
that the curve is a straight line.

(11) Let F:E! — E™ define a smooth curve which does not pass through the origin. Show
that the position vector F'(t) is orthogonal to the velocity vector at the point of the
curve which is closest to the origin. Apply this to prove anew the well known fact
that the radius vector to any point on a circle is perpendicular to the tangent vector
at that point. [Hint: Why is it sufficient to minimize ¢(t) = (F(t), F(t))?]
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Chapter 8

Mappings from :"* to :: The
Differential Calculus

8.1 The Directional and Total Derivatives

Throughout this and the next chapter we shall consider functions which map E" or a
portion of it A, into E. By the statement

f: A—E, ACE"

we mean that to every vector X in A, the function (operator, map, transformation) assigns
a unique real number w. Thus w = f(X) in this case is a map from vectors to numbers.
Two particular examples prove helpful in thinking conceptually about mappings of this

type.

(1) The temperature function. f: A — E, where the set A C E3 is the room in which
you are sitting. To every point X in the room, A, this function f assigns a number
- the temperature f(X) at X, w= f(X).

(2) The height function. f: A — E, where theset A is some set in the plane E?. To every
point X in A, this function f assigns a number - the height f(X) of a surface (or
manifold) M above that point. Thus, the set of all pairs (X, f(x)), X € A, defines
a portion of a surface, a surface in E? x E = E3 .

From the second example, it is clear that every function f: A C E" — E may be
regarded as the graph of a surface in E® x E = E"! | the surface being regarded as all
points in E"*! of the form (X, f(X)), where X € A. For example, the temperature
function can be thought of as the graph of a surface in E*, the height of the surface
w = f(X) above X being the temperature at X . (Compare with the discussion from p.
322 bottom, to p. 324).

In concrete situations, the point X € E" is specified by giving its coordinates with

respect to some fixed bases for E” and E. The particular coordinate system used depends
on the geometry of the problem at hand. Rectangular symmetry calls for the standard

309
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rectangular coordinates, while polar coordinates are well suited to problems with circular
symmetry. We shall meet these issues head-on a bit later.

If X = (x1,...,2z,) with respect to some coordinates for E", then we write w =
f(X)= f(x1,...,2,). The points (X, f(X)) on the graph are (x1,...,zp, f(z1,...,25)),
which we may also write as (z1,...,zy, f) or else as (z1,...,z,,w). For low dimensional

spaces, E2 or E3, it is convenient to avoid subscripts. In these situations we shall write
w = f(z,y) and w = f(x,y,2) for mappings with domains in E? and E3, respectively.
We now examine some more specific examples.

EXAMPLES:

(1) w= —%x—i—y— 1. This function assigns to every point X = (z,y) in E? a number w
in E. We can represent the function, an affine mapping from E? — E, as the graph
of a plane in E3. The linear nature of the plane reflects the fact that the mapping
is an affine mapping - a linear mapping except for a translation of the origin. More
generally, the function w = a + a1x1 + asxs + -+ + apxy, , an affine mapping from
E" — E, represents a plane in E"T!. In fact, this can be taken as the algebraic
definition of a plane in E"*!. These affine functions are the simplest functions which
map E" into E. Although we shall not, it is customary to abuse the nomenclature
and refer to affine mappings as being linear. This is because they share most of
the algebraic and geometric properties of proper linear mappings, as opposed to the
honestly nonlinear mappings we will be treating as in the next examples.

(2) w = x? 4+ y?. This function assigns to every point X = (z,y) in E? a real number
w € E. We can represent the function as the graph of a paraboloid of revolution,
obtained by rotating the parabola w = z? about the w axis. If this paraboloid is
cut by a plane parallel to the x,y plane, say w = 2, the intersection of these two
surfaces is the circle 22 4+ y? = 2.

(3) w = —z?+4?. This function can be represented as the graph of a very fancy surface
- a hyperbolic paraboloid. If this surface is cut by a plane parallel to the x,y plane,
w = ¢, the intersection is the curve ¢ = —224y?. For ¢ > 0, this curve is a hyperbola

which opens about the y axis, while if ¢ < 0, the curve is a hyperbola which opens

about the z axis. For ¢ = 0 we obtain two straight lines, x T y (see fig). The
intersection of the surface with the plane x = c¢ is a parabola which opens upward
in the y,w plane. Similarly, the intersection of the surface with the plane y = ¢ is
a parabola which opens downward in the zw plane. This curve is rightly called a
saddle, and the origin (0,0,0) a saddle point (or mountain pass) since a particle can
remain at rest at that point, or ii) move on the surface in one direction and go up, or
iii) move on the surface in another direction and go down.

Let f(X) be a function from vectors to numbers,
f+ ACE" - E.

How can we define the notion of derivative for such functions? The derivative should
measure the rate of change of f(X) as X moves about. But if you think of f(X)
as the temperature function, it is clear that the temperature will change at different
rates depending which direction you move. Thus, if you move across the room in
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the direction of the door, the temperature may decrease, while if you move up to the
ceiling, the temperature will likely increase. Thus, the natural notion of a derivative
is the rate of change in a particular direction - a directional derivative.

Let Xy denote your position and f(Xo) the temperature there. Take 1 to be a free
vector, which we shall think of as pointing from Xg to Xg+n. We want to define the rate
at which the temperature changes as you move from X in the direction n toward Xg+17.
Since all points on the line joining Xg to Xg + 1 are of the form Xy + An, where A is a
real number, the difference f(Xo+ An)— f(Xo) is the difference between the temperatures
at Xo+ An and at Xg.

DEFINITION: Let f: A C E" — E. The derivative of f at the interior point Xo € A with
respect to the vector n is

f(Xo + An) — f(Xo)
) ,

"(Xo:n) = li
fi(Xoyn) = lim
if the limit exists.

In the special case when 7 = e is a unit vector, ||e|]| =1, we see that A = ||Ae||. Then
D.f(Xo) := f'(Xo;e) is the instantaneous rate of change of f per unit length as X moves
from Xy toward Xg + 3. This normalization to using only unit vectors is necessary to
have a meaningful definition of a directional derivative. Thus, the directional derivative of
f at Xg € A in the direction of the unit vector e is the derivative with respect to the unit
vector e. It measures how f changes as you move from Xy to a point on the unit sphere
about Xg. For theoretical purposes, the derivative of f with respect to any vector 7 is
useful, while for practical purposes, the more restrictive notion of the directional derivative
is needed.

EXAMPLE: 1 Find the directional derivative of f(X) = 2% — 2x129 + 322 at Xo = (1,0) in
the direction n = (—1,1). Note that 1 is not a unit vector. The unit vector is e = ﬁ =

"
(—L %) Then

V2 V2
1 1 P
Xo+de=(10)+ \N——,—)=(1- —=,2),
0+ Ae ( )+( 5 2) ( 5 2)
SO X . )\
Xo 4 Ae) = (1— 202 _ o1 — 2y 2y 4 g
A3
=1- =+ M
V2 2
Thus,
f(Xo+ Xe) — f(Xo) 1—%_,_%)\2_1 3

= = — 4+ =\
A A N

Therefore, the directional derivative D.f is

Def(Xo)Z/l\Er%)f(X0+)‘e)—f(Xo) :;1.

A V2

In words, the rate of change of f at X in the direction of the unit vector e is —\% . One

qualitative conclusion we arrive at is that f(X) decreases as X moves from Xj in the
direction e.
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2. Compute f(X;n) if f(X)= (X, AX), where A is a self-adjoint transformation.
FX + ) = (X +An, A(X + An))
= (X, AX) + Xn, AX) + \X, An) + X*(n, An)
and since A is self-adjoint,
= (X, AX) + 2)\(AX, ) + X\*(n, An).
Thus,

/ e S+ An) — f(X)
F(X,m) = lim 5

In particular when A = I is the identity operator, f(X) = || X||?, we find f'(X;n) =
2(X, n)

=2(AX, n).

The directional derivatives of f in the particular direction of the coordinate axes e; =
(1,0,...), e2 = (0,1,0,...) have special names. They are called the partial derivatives of
f . For example, the partial derivative of f(X) = f(z1,z2,...,2,) at Xy with respect to

To 1S
of f(Xo + Ae2) — f(Xo)
(9.%'2 A
There are many other competing notations, all of them being used. We shall list them

shortly, after observing there is a simple way to compute these partial derivatives. Consider
f(X) = f(x —1,x2,23). Then

of e (X4 der) = f(X)
Dy ) = 1imy )

(Xo) == f'(Xose2) = )1\12"6

Since X + ey = (21, 22,23) + AN(1,0,0) = (21 + A\, x2,x3) we have
f(w1 4+ N x2,23) — f(21, 22, 23)

of . .
Dy ) = 1imy X :

But this is the ordinary derivative of f with respect to the single variable x1 , while holding
the other variables xo and 3 fixed. Thus, 0f/0z1 can be computed by merely taking the
ordinary one variable derivative of f with respect to z;, pretending the other variables
are constants.

EXAMPLE: If f(X) = 2% + z1e"1%2 | find the rate of change of f at the point X in the
directions e; = (1,0) and ey = (0,1). Thus, we want to compute %(Xo) and %(Xo).

0
97 = 2z + 172  prx0e™*?
&%1
8f 2 _x1T2
8733'2 = Ii€
At the pint Xy = (2,—1), we have
0
7‘}0 :4—6_2, ﬁ :46_2.
0x1 3, 072 (2,-1)
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Some common notation. If w = f(x1,x3), then

ow  Of B
8.7;1 833 le fl fa:1 = Wy
ow  Of B
8.%‘2 333 D2f f2 fa:z = Wgy

If f: ACE" — E, then 0f/0x; is another function of X = (z1,22,...,2y,). It is
then possible to take further partial derivatives.

EXAMPLE: Let w = f(X) = 2% + 21¢”'*2 as in the previous example. Then

0? 0 ,0
wi = fi1 = fwl;tl = 8xf al‘l ai) = 2+ 19e™12 = p9e™17? xle r1r2
1
92 o of
wiz = fi2 = foran = 071015 072 87551) = 21e"7? = 31" + 23 m9e™ "
02 f o of

1T 2 xr1T
——) = 2x1€"%2 = x{r0e™"? = fio

wa1 = fo1 = f:mxl = D902 (3.%1 Dy

a2f . 8 (af) .’Egexlxz
Or3  Oxy Oy !

And even higher derivatives can be computed too, like

3f o 0°f
J221 = foszony = m = 9n1 675)

w2 = f22 = frows =

= 323e™172 4 g3x0e172,

REMARK: From this one example, it appears possible that we always have fio = fo1,

that is 69?1253:2 = 83225;1 . This is indeed the case if the second partial derivatives of f are

continuous, but for lack of time we shall not prove it (see Exercise 6).

So far we have defined the directional derivative of a function f: E” — E and called
particular attention to those in the direction of the coordinate axes - the partial derivatives
of f. Although the actual computation of the partial derivatives has been reduced to
the formal procedure of computing ordinary derivatives, the computation of the directional
derivative in an arbitrary direction must still be done by using the definition: the limit of
a difference quotient. We shall now reduce the computation of all directional derivatives
to a simple formal procedure. In order to do so, we shall introduce the concept of the
total derivative for functions f: A C E® — E'. This derivative will not be a directional
derivative, but rather a more general object.

The motivating idea here is the important one of approximating a non-linear function
f at apoint Xy by a linear function. If we think of the function f(X) as defining a surface
M in E"*! with point (X, f(X)), then the picture is that of approximating the surface
M near X, by a plane (or hyperplane) tangent to the surface at Xy. We want to write

f(X) ~ f(Xo) + L(X — Xo),

where L is a linear operator, L: E" — E, which may depend on the “base point” Xj.
Of course, as X — Xy we want the accuracy to improve in the sense that the tangent
plane should be a better approximation the closer X is to Xg. At X = Xy, the tangent
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plane f(Xo)+ L(X — Xy) and surface M touch since they both pass through the point
(Xo, f(Xo)) - Notice that the function f(X))+ L(X — Xo) is affine, so it does represent a
plane surface.

Motivated by the above considerations, we can now make a reasonable

DEFINITION: Let f: A CE" — E and Xg be an interior point of A. f is differentiable
at Xo if there exists a linear transformation L: E™ — E such that

lim || f(Xo+ h) — f(Xo) — Lh|| _
k]| —0 [|A]]

0,

for any vector h in some small ball about Xy (so f(Xo+ h) is defined). The operator L
will usually depend on the base point Xy. If f is differentiable at Xy, we shall use the
notation

a4

e (Xo) = f'(Xo) = L(x,) = L,

and refer to f'(Xo) as the total derivative of f at Xo. [The notation Vf(Xp) and grad
f(Xo), for gradient, are also used|. If L = f’(Xj), a linear operator from E" to E, exists
and depends continuously on the base point Xy for all Xy € A, then f is said to be
continuously differentiable in A, written f € C1(A).

REMARK: The condition that f be differentiable at Xy can also be written in the following
useful form:

f(Xo+h) = f(Xo) + Lh+ R(Xo, h)|[Al], (8-1)

where the remainder R(Xy,h) has the property

lI7]|—0

This abstract operator L has the delightful property that it can be computed easily.
But before telling you how, we should first prove for a given f there can be at most one
linear operator L which is the total derivative.

Theorem 8.1 . (Uniqueness of the total derivative). Let f: A — E be differentiable at
the interior point Xo € A. If L1 and Lo are linear operators both of which satisfy the
conditions for the total derivative of f at Xy, then L1 = Lo .

Proor: Let L = Ly — Ly. We shall show L is the zero operator. Since
Lh = Lih — Loh = [f(Xo + h) — f(Xo) — L2h| — [f(Xo + h) — f(Xo — L1h],
by the triangle inequality we have
|LA| < 1f(Xo+ k) — F(Xo) — Lah]| + [l f(Xo + h) — £(Xo) — Lih].
Consequently,

im ILAl
Ihll—0 [|A]]
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To complete the proof, a trick is needed. Fix n # 0. If X is a constant, A — 0, then
[An]l — 0 so

L(A
Colowl
INlI=0 [ An]
But since L is linear, ||LAn|| = |[ALn|| = |A| ||Ln||, so the factor A can be canceled in

numerator and denominator. Thus the last equation is independent of X, so || Ln||/|n|| =0.
Because 1 # 0, this implies ||Ln|| = 0. Therefore L must be the zero operator.

Next, we give a method for computing L. Not only that, but we also find an easy way
to compute the directional derivatives.

Theorem 8.2 . Let f: A — E be differentiable at the interior point Xo € A. Then a) the
directional derivative of f at Xg exists for every direction e and is given by the formula

D.f(Xo) = Le.

b) Moreover, if f is given in terms of coordinates, f(X) = f(x1,...,2y), then L is
represented by the 1 X n matriz

f(Xo0) = L = (fe,(X0), -+, fr, (X0)).

c¢) Consequently, the directional derivative is simply the product of this matriz L with the
unit vector e, which can also be thought of as the scalar product of the 1 x n matriz, a
vector, and the vector e,

Def(XO) = <f/(X0)7 €>.
ProoF: This falls out of the definitions. First

f(Xo+ Xe) — f(Xo)
A
f(Xo+ Xe) — f(Xo) — L(Ae) + L(Xe)

=i .
,\li»% A

Since L(Ae) = ALe and [[Xe|]| = A
f(Xo + Ae) — f(Xo) — L(Ae)

= lim + Le.
I Ael|—0 [ Ae]l

Def(XO) = >1\1_>I%

Because f is differentiable at Xy, the first term tends to zero. Thus proving the first part.
To prove the last part, it is sufficient to observe that if e = e; is one of the coordinate
vectors, then by definition D, f(Xo) := fz, . Thus, if h is any vector h = (hy,...,h,) =
hie1 + - -+ + hpen , by the linearity of L we have

Lh = L(hie1 +---+ hpep) = hiLey + -+ - + hypLey,
= hlle (XO) + -+ hnfzn(XO)
h1

= (for (X0)s - -5 fo, (Xo0))
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Since h is any vector, we have shown L is represented by the given matrix.

REMARK: The theorem states that if f is differentiable, then all the partial derivatives
exist and f/(Xg) := L is represented by the above matrix. It does not state that if the
partial derivatives exist, then f is differentiable. This is false (see Exercise 16). However,
if the partial derivatives of f exist and are continuous, then f is differentiable. The last
statement will be proved as Theorem 3.

EXAMPLE: The same one worked before (p. 573). Find the directional derivative of f(X) =

2?2 — 27129 + 322 at Xo = (1,0) in the direction n = (—1,1).
. . . _ L _ _i L .
Since 7 is not a unit vector, we let e = Tl = ( ok ﬁ) . Now at a point X,

L= f(X) = (far: foa) = (221 — 22, =231 +3).
In particular, at X = Xy = (1,0),
L=(2-2+3)=(21).
Therefore

L
Def(Xo) = Le = (2,1) ( ) = _\}E’

S-S

which checks with the answer found previously.

Consider the mapping w = f(X), X € A C E®, w € E as defining a surface M C E"*!.
It is now evident how to define the tangent plane to M at the point (Xo, f(Xop)), where
Xp€eA.

DEFINITION: Let F: A C E" — E be a differentiable mapping, thus defining a surface M
with points (X, f(X)), X € A. The tangent plane to M at the point (Xo, f(Xo)), where
Xo € A, is the surface defined by the affine mapping

D(X) = f(Xo) + f'(X0)(X — Xo).

or

O(X) = f(Xo) + L(X — Xo), where L= f(X),

Thus, the tangent plane to the surface defined by f is merely the “affine part” of f at
Xo .

ExaMPLE: Consider the function w = f(X) = 3 — 23 — 23. This function defines a
paraboloid (see fig.). Let us find the tangent plane to this surface at (Xo, f(Xp)), where

Xo=(1,-1),s0 f(Xo)=3-1*—(-1)2=1. Also
fxl(X) = 72$17f:t2(X) = *21’2.

Thus
f'(Xo) = (far (X0), fra (X0)) = (=2, 2).

Since X — Xo = (z1,22) — (1,—1) = (z1 — 1,22 + 1) we find the equation of the tangent
plane is
Tr1 — 1

B(X)=1+(-2,2) < 1

):1—2(x1—1)+2(:c2+1),
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or
®(X) =5 —2xy + 2%

This tangent plane is the unique plane with the property
(I)(XQ) = f(Xo), and @l(XQ) = f/(X(])

Although we have given necessary conditions that a function be differentiable (all directional
derivatives exist, in particular, all partial derivatives exist), we have not given sufficient
conditions. The next theorem gives sufficient conditions for a function to be continuously
differentiable.

Theorem 8.3 . Let f: A CE" — E, where A is an open set. Then f is continuously
differentiable throughout A if and only if all the partial derivatives of f exist and are
continuous.

ProoFr: = If f is continuously differentiable, then the partial derivatives exist by Theorem
2. Furthermore, for any X and Y in A,

for(X) = fo, (V) = (f1(X), ei) = (f(Y), &) = {f'(X) = f'(Y), i)

Thus, applying the Schwartz inequality we find
| fai (X) = fa, V)] < 1F1(X) = 'V

The statement f is continuously differentiable means the vector f/(X) is a continuous
function of X . Therefore, given any € > 0 is a § > 0 such that ||f(X)— f'(Y)|| < e for
all [ X —Y| <. For any € > 0, the inequality above shows |fz,(X) — fz,(Y)| is also less
than e for the same ¢. Consequently, f,, is continuous.

<. A little more difficult. The idea is to use the mean value theorem for functions of
one variable. Let X and Y be points on A. To prove continuity at X , it is sufficient
to restrict Y to being in some ball about X which is entirely in A (some ball does exist
since A is open). For notational convenience, we take n = 2. Then

fY) = f(X) = f(Y) = f(2) + [(2) = [(X),

where Z is a point in A whose coordinates, except the first, are the same as X and
whose coordinates, except the second, are the same as Y . By the one variable mean value
theorem, there is a point X between X and Z and point X between Y and Z such
that

£2) = 1) = S0 -0, 10 - 52 = S0 2).
Therefore o7 of .
fY) = f(X) = O —(X)(yn —x1) + 8T:Q<X>(y2 — T2),
fY) = F(X) = [fe,(X)(y1 — 1) + [, (X)(y2 — 22)]
= [fer(X) = fu, )] (y1 — 21) + [far (X) = faur (X)) (w2 — 22).
Therefore

IF(Y) = F(X) = LY = X)|| < [fo,(X) = fo, ()| [y — 21| | foa(X) = foa(X)] ly2 — 2]
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where we have written L = (fy,(X), fz,(X)). Since |y; — x| < ||Y — X, we see that

1F(X) = f(Y) = LY = X)]|
Y =X

< s (B) = s ()] + | fua (X) = fia (X

Because f,, and f,, are continuous and || X — X|| < |V — X, |X - X|| < ||]Y — X]|,
by making ||Y — X|| sufficiently small the right side of the above inequality can be made
arbitrarily small. This proves the limit as ||Y—X|| — 0 of the expression on the left - exists
and is zero. Since L is linear, the proof that f is differentiable is complete. The continuous
differentiability is an immediate consequence of the linearity of L and the continuity of its
components - the partial derivatives f, .

Exercises

(1) i) Use the definition of the directional derivative to compute the given directional
derivatives, ii) Check your answer by computing the directional derivative using the
procedure of the Corollary to Theorem I.

f(z1,22) =1 — 221 + 3z2, at (2,—1) in the direction (3,4). [Answer: +9].
f(z,y) = e**%  at (3,—2) in the direction (1,1). [Answer: 3e~'/v/2].

flu,v,w) = 3uv + vw —v?, at (1,1,1) in the direction (1,—2,2).
i

x,y) =1—3y+zy at (0,6) in the direction (%, —%) .

x1,x2) = x1 + x1 8in 211

2
T1, T2, T3) = T1T2 + 221./T3 — T3

T1,X2, ..., Tp) =G+ a121 + a2x2 + ... + apZy .

n
(X1,22,...,Tpn) = Z ajjriz; = (X, AX), where a;; = aj; (first try the cases
ij=1
n =2 and n =3 to see what is happening).

ii) Find the 1 x n matrix f'(x).

(3) For the surfaces defined by the functions f(X) listed below, find the equation of the
tangent plane to the surface at the point (Xy, f(X()). Draw a sketch showing the
surface and its tangent plane.

) f(X)=2a%+3z3+1, Xo=(0,0).

) f(X)=en"2, Xo=(0,1)
¢) f(X)=a?sinmrs, Xo=(-1,3)

) f(X)=—3z14+22+1, Xo=(2,1)

) f(X) =22 +223 —zy23+ 21, Xo=(1,-2,—1).
Why can’t you sketch the surface defined by this function?
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(4) Let f(X) and g(X) both map A C E" — E!. If f and g are differentiable for all

X € A, prove
(a) J&laf(X)+bg(X)] = a%(X) + b;—)g((X) (Linearity), where a and b are con-
stants
(b) elF(X)g(X >] = [(X) (%) +g<X>;‘f <X>
(€) dk [f69] = LI it g(x) #

(5) Use the rules (a-c) of Exercise 4 to compute %[2f —3¢], %[f—g] , and %[5] , where
f(X) = f(z1,22) =1 — 21 + 2122, and g(X) = g(@1,22) = ™1 772,

zy(x?—y?)
(6) Let f(X) = f(z,y) :{ yByy : )éxzyé

Prove

(a) f, fu, fy are continuous for all X € E2. [Hint: Prove and use 2zy < 22 + 3?].

(b) fry and fy, exist for all X € E?, and are continuous ezcept at the origin.
(€) fay(0) =1, fyz(0) = =1, s0 f2(0) # fyz(0) (cf. Remark p. 577).

(7) Let f: A CE"™ — E be a differentiable map. Prove it is necessarily continuous. [Hint:
This is a simple consequence of the definition in the form (1)].

(8) Let f: A C E" — E be a continuous map. We say f has a local mazimum at the
point Xy interior to A if f(Xo) > f(X) for all X in some sufficiently small ball
about Xg. If we assume f is continuously differentiable, more can be said.

(a) If f as above has a local maximum at the point Xo, prove (f'(Xo, X — X)) +
R(Xop, X)|| X — Xp|| <0 for all X is some small ball about Xj .

(b) Use the property of R(Xp,X) to conclude the stronger statement
(f'(Xo), (X = Xo)) <0.

for all X in some small ball about Xj.

(c) Observe the statement must also hold for the vector Xy — X, which points in
the direction opposite to X — X, to conclude

<f/<X0)7 (X - XO)> =0,

and hence that in fact
<f/(X0)v Z> = 07
for all vectors Z =X — Xj.

(d) Finally, show that at a maximum,
1'(Xo) = 0.

(9) (a) Find the equation of the plane which is tangent at the point Xy = (2,6,3) to
the surface consisting of the points (X, f(X)), where

F(X) = flz,y,2) = (2® +y* + 252
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(b) Use the tangent plane found above to find the approximate value of

((2.01)2 + (5.98)2 + (2.99)%)/2,

(10) Assume the continuously differentiable function f(X) has a zero derivative, f/(X) =
0, for X in some ball in E™. Prove that f(X) = constant throughout the ball.

(11) (a) Show the following functions satisfy the two dimensional Laplace equation

Ou O
ox? = 0y

i) u(z,y) =22 —y?> - 32y + 5y —6
i) u(z,y) = log(x? + y?), except at the origin, (x,y) = 0.
iil) u(z,y) =e"siny

(b) Show the following functions satisfy the one (space) dimensional wave equation
Ut = 02um, ¢ = constant

[Here ¢ is time and x is space; c¢ is the velocity of light, sound, etc.]
1) u(a:, y> — e:pfct _ 2e:v+ct
i) u(z,y) = 2(x + ct)? +sin 2(z — ct).
(12) Let f: A C E" — E be continuously differentiable throughout A. If Xy € A is

not a critical point of f, so f/(Xg) # 0, prove the directional derivative at X is
greatest in the direction epax := f'(Xo)/||f'(Xo)|| , and least in the opposite direction,

€min ‘= —€max - |Hint: Use the Schwarz inequality.]
my X = 0
(13) Consider the function f(X) = f(z,y) = { *’”261/2’ )g:c,_yg 7

Since F' is the quotient of two continuous functions, it is continuous except possibly
at the origin, where the denominator vanishes. Show that f(X) is not continuous at
the origin by finding lim f(X) as X — 0 along paths 1 and 2, and showing that

lim f(X) # lim f(X).

X—0 X —0
pathl path2

(14) Let L be the partial differential operator defined by

0%u 9%u 9%u

Lu=2% 59" 4571
T a2 6x8y+ Oy?

Show that
L[eo‘f”ﬁy] = p(a, ﬂ)eaﬁ'ﬁy,

where p(a, 3) is a polynomial in « and . Find a solution of the linear homogeneous
partial differential equation Lu = 0. Find an infinite number of solutions of Lu =0,
one for each value of «, by choosing a to depend on ( in a particular way. [Answer:
26248y and e3840y are solutions for any 3.
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(15) The two equations
x = e"cosv

y = e¥sinv

define v = f(z,y) and v = g(x,y) . Find the functions f and g for z > 0. Compute
f(X) and ¢'(X) and show f/(X) L ¢(X).

(16) This exercise gives an example in which the first partial derivatives of a function exist
but the function is not continuous, let alone differentiable. Let

2

b 2| e X = (@) £0
f(X)—f(,y)—{ R

(a) If cosa # 0, prove the directional derivative at the origin in the direction e =
(cosa, sin ) exists and is
2 sin? o

D.f(0) = p— cosa # 0

while if cosaa =0,
D.f(0) =0, cosa = 0.
(b) Prove f is discontinuous at the origin by showing )l(imo f(X) has two different

values along the two paths in the figure. Then appeal to exercise 7 to conclude
f is not differentiable.

(17) (a) Let P(X),X € E", be a polynomial of degree N, that is,

P(X) = Z ak17,._7knxlflx’2€2 cooghn
k1+ko+-+kn <N

where k1, ks,...,k, are all non-negative integers. Prove P(«) is continuously
differentiable. [Hint: How do you prove a polynomial in one variable is continu-
ously differentiable.]

(b) Let R(X),X € E™, be a rational function - that is, the quotient of two polyno-
mials. Prove R(X) is continuously differentiable whenever the denominator is
not zero.

(18) If f: E! — E!, show that the definition of differentiability on page 578 coincides with
the usual one.

8.2 The Mean Value Theorem. Local Extrema.

Although the full “chain rule” will not be proved until Chapter 10, we shall need a very
special and elementary case to develop the main features of the theory of mappings from E"
to E. Let f: A C E" — E be a continuously differentiable function at all interior points
of A. Take X and Z to be fixed interior points of A. Let ¢(t) = f(X +tZ). We want
to compute

d d
S(t) = 5 f(X +12)

that is, the rate of change of f(X) at the point X +tZ as X varies along the line joining
X to Z.
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Theorem 8.4 . Let f: A — E be a differentiable function throughout A. If X and Z
are two interior points of A, and if the line segment joining them is in A, then

d
af(X +tZ)=f'(X+t2)Z, te€(0,1).
By the product f'(Y)Z we mean matriz multiplication.

PrOOF: For fixed X and Z, the function ¢(t) := f(X + tZ) an ordinary scalar valued
function of the one variable ¢. Thus
d _o(ty) — (1)
@ =Ty
— lim f(X+tZ+22) - f(X +12)
A—0 A
— lim F(X+tZ+X2)— (X +t2) - fI(X+tZ)NZ)+ f(X +t2)(\2)
A—0 A

Since f is differentiable at X 4+tZ , then as A — 0 the first three terms tend to zero. The
factor A in the last term cancels. Therefore

d
%f(X +tZ) = )l\imof’(X +t2)Z = f/(X +t2)Z,
as claimed.

An easy consequence is

Theorem 8.5 (The Mean Value Theorem). Let f: A — E, where A is an open convex
set in E™ | that is, if X and Y are any points in Z , then the straight line segment joining
X and Y isin A too. If [ is differentiable in A, there is a point Z on the segment
joining X and Y such that

fY) = f(X) = (DY - X).
If, moreover, f" is bounded by some constant C, ||f'(X)|| < C for all X € A, then

fY) = F(X)[ <Oy = X

| A FIGURE GOES HERE |

PROOF: Every point on the segment joining X and Y is of the form X +¢(Y — X)), where
t € [0,1]. Consider the function ¢(t) of one variable,

¢(t) = f(X + 1Y - X)).

Theorem 4 states ¢ is differentiable. Therefore, by the one variable mean value theorem,
there is a number ¢y in the interval (0,1) such that ¢(1) — ¢(0) = ¢'(tp). But ¢(1) =
f(Y), ¢(0) = f(X) and, by Theorem 4, ¢'(to) = f/(X +to(Y — X))(Y — X). Letting
Z =X +1ty(Y — X), a point on the segment joining X to Y , we conclude

fY) = f(X) = f(D)Y - X).
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The second part of the theorem follows by applying the Schwarz inequality to the function
f(Z)(Y — X) which can be written as (f'(Z), (Y — X)). Then

(f'(2), Y = X) <|If ()Y - X|.
Therefore if || f(Z)|| < C for all Z € A, we find
f(Y) = F(X)| < Clly = X|.

Corollary 8.6 Let f: A — E be a differentiable map and A an open connected set in E™
(by a connected open set we mean it is possible to join any two points in A by a polygonal
curve contained in A). If f'(X) =0 forevery X € A, that is, if fo, (X)=...= fz,,(X) =
0, then f(X)=c, ¢ a constant.

PRrROOF: If A is convex, say a ball, this is an immediate consequence of the second part of
the mean value theorem, for ||f (X)|| =0 so |f(Y)— f(X)|=0. Thus f(Y) = f(X) =
constant for any two points X and Y . The requirement that A is connected is to exclude
the possibility that A consists of two (or more) disjoint sets, in which case, all we can
conclude is that f is constant on each connected part, but not necessarily the same constant.
However, if A is connected, then any two points in A can be joined by a polygonal curve
which is contained in A. Consider some straight line segment in this curve. By the mean
value theorem, f must be constant on it. In particular, it has the same value at both
end points. Checking the beginning and end of the whole polygonal curve, we find that
f(X)=f(Y). Because X and Y were any points, we are done.

It is not at all difficult to generalize the mean value theorem to Taylor’s theorem and
then to power series for functions of several variables. The only problem is one of notation,
and that is a problem. As a compromise, we will prove the Taylor theorem - but only the
first two terms for functions of three variables f(z,y,z2).

Just as in the mean value theorem, the idea is to reduce the problem to a function
¢(t) of one real variable, because we do know the result for these functions. Let f be
differentiable in some open set A C E? and Xy a point in A. If X+ h is alsoin A, we
would like to express f(Xo+ h) in terms of f and its derivatives at Xy. Fix Xy and h
and consider the real valued function ¢(t) of one variable defined by

o(t) = f(Xo+th),  telo,1].
Then by Theorem 4,
¢'(t) = f(Xo + th)h = fo(Xo + th)hi + fy(Xo + th)he + f.(Xo + th)hs,

where h = (hi, ha, h3). Since each of the partial derivatives are maps from A to E, they
can be differentiated in the same way f was. So can a sum of such functions. Thus

¢//(t) - %[fz(XO + th)hl +-+ fz(XO + th)hn]

= fee(Xo +th)hih1 + fuy(Xo + th)hiha + for(Xo + th)hihs
+fyx(X0 + 7fh)h2h1 + fyy(XO + th)h2h2 + fyz(XO + th)h2h3
+fz;v(X0 + th)hghl + fzy(Xo + th)hghg + fzz(Xo + th)h3h2.
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0*f(X)

/!
Goge 00

If we introduce a matrix H(X), the Hessian matriz, whose elements are

can be written as

¢"(t) = (h, H(Xo + th)h).

We remark that if f is sufficiently differentiable (two continuous derivatives is enough),
then the Hessian matrix is self-adjoint since fy,z ;= [z Jx; , AS We mentioned - but did not
prove - earlier. If ¢(t) is twice differentiable, by Taylor’s theorem for functions of one
variable, we know that

6(1) = 6(0) +¢/(0) + 0"(r), 7€ (0,1)

Substituting into this formula, we find

f(Xo+h) = f(Xo) + f(Xo)h + (h H(Xo+ Th)h).
Let us summarize. We have proved

Theorem 8.7 (TAYLOR'S THEOREM WITH TWO TERMS) . Let f: A — E, where A s
an open connected set in E™. Assume [ has two continuous derivatives - that is, all the
second partial derivatives of f exist and are continuous. If Xog isin A and Xo—+ h is in
a ball about Xy in A, then

f(Xo+h) = f(Xo)+ f(Xo)h + 5 (h H(Xo + Th)h),

0% f
0x10x;
Letting X = Xg + h and Z = Xo+ 7h, Z being a point on the line segment joining

Xy to X, this reads

where H(X) = (( -)) is the n x n Hessian matriz and 7 € (0,1) .

FX) = F(Xo) + F/(Xo) (X — Xo) + 5 (X — Xo, H(Z)(X ~ Xo),

or, in more detail,

£ = o) + 3 P, ZZ T (s =)y = ).
i=1 ! !

ExaMPLE: Find the first two terms in the Taylor expansion for the function f(X) =
f(x,y) =5+ (22 — y)? about the point Xy = (1,3).
We compute

fo(X) =62z —y)?,  fy(X) = -3(2x —y)°
frae(X) = 2422 — y), fuy (X) = fye(X) = —12(22 — ), fiyy (X) = 6(22 — y).
Therefore f(Xo) =4, f2(Xo) =6, fy(Xo) = —3, so

10 =6 (75 109 (gt e y) (5-)
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where Z = (£,n) is a point on the segment between Xy = (1,3) and X = (z,y). Written
out, the above equation reads,

1
fl@,y) =44 6(z = 1) =3(y = 3) + S foalz = 1)* + 2fay(z = Dy = 3) + fn (v — 2)°),
where the second derivatives are evaluated at Z = (£, 7).

We are now in a position to examine the extrema of functions of several variables.
Finding the maxima and minima of functions is important for several reasons. First of all,
there is the vague emotional feeling that all patterns of action should maximize or minimize
something. Second, we can investigate a complicated geometrical object by the relatively
easy procedure of finding the local maxima and minima. Without further mention, for the
balance of this section f(X) will be a twice continuously differentiable function which maps
the open set A C E" into E.

DEFINITION: A function f: A — E has a local mazimum at the interior point Xy € A if,
for all X in some open ball about Xj

f(X) < f(Xo).

f has a local minimum at X, if for all X in some open ball about Xg

f(X) = f(Xo).

If f has a local maximum or minimum at Xy, is f/(Xo) =07 Certainly.

Theorem 8.8 . If f has a local mazimum or minimum at Xo, then f'(Xo) = 0. In
coordinates, this means all the partial derivatives vanish at Xy,
of i _of

89511(X0) = 6TUZ(XO) == 87:”()(0) =0.

PROOF: Let n be any fixed vector. Then the function ¢(¢) of one variable

¢(t) = f(Xo +tn)

has a local maximum or minimum at ¢ = 0. Consequently ¢'(0) = 0. But by Theorem 4,
¢'(0) = f'(Xo)n which we may write as (f'(Xo), 7). Thus (f'(Xp), n) = 0, so the vector
f'(Xo) is orthogonal to 7. Since 7 was any vector, we conclude that f'(Xy) =0.

The derivative f/(Xy) may vanish at points other than maxima or minima. An example
is the “saddle point” of the hyperbolic paraboloid at the beginning of Section 1. All points
where f’ vanishes are called critical points or stationary points of f. Let us give a precise
definition of a saddle point. f has a saddle point at Xy if Xg is a critical point of f
and if every ball about Xy contains points X; and Xy such that f(X;) < f(Xp) and
f(X2) > f(Xop). Thus, every critical point is either a local maximum, minimum, or saddle
point.

There is a more intuitive way to prove Theorem 7. If e is a unit vector, then by
Theorem 2, the directional derivative at X in the direction e is D.f(X) = (f'(X), €). In
what way should you move so f increases fastest? By the Schwartz inequality, we find

1Def (X < IF QO el = 1O,
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with equality if and only if the vectors e and f'(X) are parallel. Thus, the directional
derivative is largest when e has the same direction as f'(X), and smallest when e has the
opposite direction, emax = f'(X)/|If (X)|, €min = —€max,

Dy f (X) = I (X)), Deyir f(X) = =l £ (X)].

If Xy is alocal maximum of f, then f/(X() must be zero, for otherwise you could move in
the direction of f/(Xy) and increase the value of f. Similarly, if X, is a local minimum,
f'(Xo) must be zero.

Once we know X is a critical point of f, f/(Xo) = 0, an effective criterion is needed
to determine if X is a local maximum, minimum, or saddle point for f. In elementary
calculus, the sign of the second derivative was used. Our next theorem generalizes this test.

The idea is essentially the same as in the one variable case (p. 104a-c). If f has a
local maxima or minima, the tangent plane to the surface whose points are (X, f(X)) is
horizontal, that is, f/(Xo) = 0. Thus, near Xy the quadratic terms - the next lowest power
in the Taylor expansion of f about Xy—will determine the behavior of f near Xy. Let
X be the origin and take f(X) = f(z,y) to be a function of two variables with f(0) =0.
Then near Xy = 0, by Taylor’s theorem, we have

1
Fz,y) ~ S laa® + 2bxy + ey,
where a = fz4(0), b = fzyy(0), and ¢ = fy(0). The nature of the quadratic form
Q(X) = az® + 2bxy + cy?

has already been determined. If Q(X) is positive definite, then Q(X) > 0 for X # 0.
Since f(z,y) ~ Q(X), this means f(x,y) is positive near the origin. Because f(0,0) =0,
this implies the origin is a minimum for f.

Instead of completing and rigorously justifying this special case, we shall immediately
treat the general situation.

Theorem 8.9 . Assume the twice continuously differentiable function f: A — E has a
critical point at an interior point Xo of A CE", f'(Xo) =0. Let H(Xg) be the Hessian

matrix 0’ (Xo) evaluated at X
81‘1'8.%'3' 0 0

(a) If H(Xy) is positive definite, then f has a local minimum at X .
(b) If H(Xo) is negative definite, then f has a local maximum at X .

(c) If at least two of the diagonal elements of H(Xo), fz,2,(X0),- -, fo,z,(Xo) have
different signs, then Xy is a saddle point.

(d) Otherwise the test fails.

ProoFr: If Xy is a critical point for f, then Taylor’s theorem (Theorem 6) states

F(Xo+n) = F(Xo) + & (o, H(Z)n)

where Z is between Xy and Xo+7. The linear term has been dropped since f'(Xy) =0.
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As in the proof of Taylor’s theorem, let

o) = f(Xo +1tn).

Then
¢"(t) = (n, H(Xo + tn)n).

Since the second derivatives of f are assumed to be continuous, the function ¢”(¢t) is a
continuous function of ¢. Consequently, if ¢”(0) is positive then ¢”(t) is also positive
for all ¢ sufficiently close to zero (Theorem I p. 29b). Because ¢”(0) = (n, H(Xo)n) and
&' (1) = (n, H(Z)n), where Z = Xy + 71, this implies if H is positive definite at Xo, it
is also positive definite at Z when Z is close to Xj .

Assuming H (X)) is positive definite, we see that for all n sufficiently small, H(Z) is
positive definite. Therefore,

F(Xo ) = F(Xo) = 3, H(Z)) >0, 1#0,

that is
f(Xo+mn)— f(Xo) >0

for all n is some small ball about Xg. Thus f has a local minimum at Xj .

If H(Xj) is negative definite, the same proof with trivial modifications works. Another
way to complete the proof is to apply part a) to the function g(X) := —f(X). The Hessian
for g at Xy willbe —H (X() which is positive definite (since H(Xp) was negative definite).
Thus ¢ has a local minimum at Xy so f: = —g has a local maximum at Xj .

If any two of the diagonal elements of H(Xy) have opposite sign, say fz,z,(Xo) > 0
and  fr,z,(Xo) < 0, then for n = Ae; = (A,0,0,...,0), A any real number, we find
(n, HXo)n) = ANfr0,(Xo) > 0, while for n = Xes = (0,),0,...,0) (n, HXo)n) =
A2 frnzo(Xo) < 0. Therefore the quadratic form (n, H(X()n) assumes positive and negative
values in any ball about Xy, proving Xy is a saddle point.

Since this theorem reduces the investigation of the nature of a critical point to testing if
a matrix is positive or negative definite, it would do well in this context to repeat Theorem
A (p. 386d) which tells us when a 2 x 2 matrix is positive definite.

Corollary 8.10 . Let Xy be a critical point for the function of two variables f(x,y) with

Hesstan matriz FlXe) for(X0)
_ Tx XO T XO
o = (150 T )

(a) If det H(Xo) >0 and fz2(Xo) >0, then f has a local minimum at Xy .
(b) If det H(Xo) > 0 and fz2(Xo) <O, then f has a local mazimum at X .

(c) If det H(Xo) < O, then f has a saddle point at Xo (this is a stronger statement
than part ¢ of Theorem 8).

PROOF: Since these merely join Theorem A (p. 386d) with Theorem 8, the proof is done.

EXAMPLES:
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(1)

Find and classify the critical points of the function w = f(z,y) := 3 — 2% — 4y + 2x.
A sketch of the surface with points (z,y, f(z,y)), a paraboloid, is at the right. At a
critical point f'(X) =0, that is, f; =0, f, = 0. Since

fa: =2z + 2afy = —8y,

at a critical point
—2x+2=0, —-8y=0.

There is therefore only one critical point, Xy = (1,0). We look at the Hessian to
determine the nature of the critical point. Because fo» = —2, foy = fye = 0, fyy =

- H(Xy) = < _(2) _g )

Since det H(Xp) = 16 > 0 and f,(Xo) = —2 < 0, H(X() is negative definite so
Xo = (1,0) is a local maximum for the function, and at that point f(Xo) =4.

Find and classify the critical points of w = f(x,y) = —22 + 2.

The surface (x,y, f(z,y)) is a hyperbolic paraboloid. We expect a saddle point at
the origin. At a critical point

fz=—-2x=0, fy=2y=0.
Thus the origin (0,0) is the only critical point. Since

H(fv,y)=<_(2) g)

and det H(0,0) = —4 < 0, the origin is a saddle point. This also follows from the
observation that the diagonal elements have different signs.

Find and classify the critical points of
w= f(z,y) = o+ (y + 1))z + (y — 1)°].
At a critical point,
fe=2x[z*+ (y— 1) + 222>+ (y +1)?] =0
and
fy=2(y+ D2+ (y = 1)°] + 2y - D[2* + (y + 1)°] = 0.
The first equation implies = 0. Substituting this into the second we find y = 0,y =
1,y = —1. Thus there are three critical points

X1 =(0,0), X5=1(0,1), X3=(0,-1).
We must evaluate the Hessian matrix at these points. Since

foo =122° +4y° +4,  foy =92y, [y = 42" +12y° = 4,

H(Xl):<3 _Z) H(Xg):(g g>:H(X3).

Because det H(X;) = —16 < 0, X7 = (0,0) is a saddle point. Because det H(X3) >
det H(X3) = 64 > 0 and fyo(X2) = foz(X3) = 8 > 0, both Xo = (0,1) and
X3 = (0,—1) are local minima. To complete the computation, we find f(X;) =
1, f(X2) =0, f(X3) = 0. A sketch of the surface is at the right.
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(4) Find and classify the critical points of
w=f(r,y,2) =1 -2+ 32> —ay+ 22— 22 + 42+ y* + 2z
At a critical point,
fe=—"24+6r—y+zfy=—ac+2y+22,f. =2 —22+4+2y.

Solving these equations, we find only one critical point, Xy, = (0,—1,1), where
f(Xo) = 3. Since

f$z = 6; f:cy = _17 fa:z = lfyy = Qufy:c = 27fzz = _27

then
6 —1 1
H(X)= -1 2 2
1 2 =2

Because the diagonal elements 6,2, —2 are not all of the same sign, by part ¢ of the
theorem, the critical point Xy = (0,—1,1) is a saddle point.

(5) Find and classify the critical points of w = f(x,y) := 2%y?. At a critical point,
fo=2xy> =0, fy= 222y = 0.
Thus the points where either £ =0 or y = 0 are all critical points. Since

Jez = 2927 f:cy = 4xy, fyy = 21'27

292 day
H(X) = ( dry 2> )

we find

If either = 0 or y = 0, then det H = 0 so none of our tests apply to determine the
nature of the critical point. However, a glance at the function f(z,y) = x2y? reveals that
all of the points where either x =0 or y = 0 are clearly local minima, since f =0 there,
while f > 0 elsewhere.

Exercises

(1) Find and classify the critical points of the following functions.

(a) f(x,y) =23z +2y>+10

(b) f(z,y) =3 — 2z + 2y + 22y

(©) flz,y)=[z*+ (y+ 1?4 -2 - (y - 1)°
(d) f(z,y) = 2® — 3zy? (figure on next page)
(e) flz,y)=ay—z+y+2

(f) f(z,y) ==zcosy

(g) flw,y,2) =222 +302+522 +4y — > +7
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(h)

flx,y, 2) = 52% + 4oy +2y> + 22 — 42 + 31

(2) Let Xj,..., Xy be N distinct points in E™. Find a point X € E™ such that the
function

FX) =X =Xl + -+ |X = Xn

is a minimum. [Answer: X = + Z;\le X , the center of gravity.]

) Find the minimum distance from the origin in E* to the plane 2z +y — z = 5.

Find the minimum distance from the origin in E"™ to the hyperplane ai;x; +
axxo + -+ apry, =cC.

Find the minimum distance between the fixed point X¢ = (Z1,...,%,) and the
hyperplane ayx1 + ...+ apxy, = C.

Find the minimum distance between the two parallel planes aiz1+- - -+ap,x, = C1
and a1z + -+ + apT, = C2,

(4) If f(z,y) has two continuous derivatives, use Taylor’s Theorem (Theorem 6) to prove

f@+hi,y+ha) = f(z,y) + fo(z,y)h1 + fy(z,y)he

1

where R depends on z,y,h; and hs,and lim R=0.

®) (a)

h1—0
ho—0

If u(x,y) has two continuous derivatives, use the result of Exercise 4 to prove

_u(@+hi,y) — 2u(z,y) + ul@ — hi,y)

uzm(xay) = n2 +h1R
1
e (g + ha) — 2u(z,y) + u(a,y — ha)
ulx,y + —2u(z,y) +ulz,y — A
Uyy(.%’,y) = Y 2 hzy i 2 +h2R,
2
where lim R=0 and lim R=0.
h1—0 ho—0
Use part a) to deduce that if hy = hg = h then
uzw(xv y) + uyy(ﬂ% y)
4 u(z + h,y) +u(z — h,y) +u(z,y +h) +u(z,y —h
(8-2)

where IlmR =0.

—0
Use part b) to deduce that if h is small, the solution of the partial differential
equation wuz,;+uy, = 0, Laplace’s equation, approximately satisfies the difference
equation

u(x 4+ h,y) +u(x — h,y) + u(z,y + h) +u(z,y — h)

4
This difference equation states that the value of u at the center of a cross equals
the arithmetic mean (“average”) of its values at the four ends of the cross. One
could use the difference equation to solve Laplace’s equation numerically.

u(a?,y) =
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(8)

(9)
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(d) Prove that any function which satisfies the above difference equation in some set
cannot have a maxima or minima inside that set. [Do not differentiate! Reason
directly from the difference equation. No computation is necessary.]

If all the second partial derivatives of a function f(X) vanish identically in some open
connected set, prove that f is an affine function.

(The Method of Least Squares). Let Zj,...,Zy be N distinct points in E™, and
wy,...,wy aset of N numbers. We imagine the points (Z;,w;) € E"™! to be points
on a surface M in E"*!. Find a hyperplane

w=¢(X)=c+&ar+ -, +prn = c+ (€, X)

which most closely approximates the surface M in the sense that the error E(&)

N
E() =Y |¢(Zn) — w;|* =
j=1

is minimized. Note that you are to find the coefficients &1, ...,&, in the equation of
the hyperplane.

(a) Let u(x,y) be a twice continuously differentiable function which satisfies the
partial differential equation

Lu = gy + Uyy + atiy +buy —cu =0

in some open set D , where the coefficients a(z,y),b(x,y), and ¢(x,y) are con-
tinuous functions. If ¢ > 0 throughout D, prove that u(z,y) cannot have a
positive maximum or negative minimum anywhere in D .

(b) Extend the result of part a) to functions w(zy,...,z,) which satisfy
n n
o ou
Lu ::Za—x%—l—Zaja—%—cu:O,
=1 7=1

in some open set D, where ¢ > 0 throughout D .

¢ u(x,y) satisties the equation of part a) and w vanishes on the boundary o
If isfies th i f d ish he b d f
D, w=0 on 0D, prove that u(z,y) =0 throughout D.

(d) Assume u(z,y) and v(z,y) both satisfy the same equation Lu = 0, Lv = 0,
where L is the operator of part a). If u(x,y) =v(x,y) on the whole boundary
of D, prove that u(z,y) = v(z,y) throughout the interior of D .

Let f be a twice continuously differentiable function throughout the open set A.
Prove that

(a) if f hasalocal minimum at Xy € A, then its Hessian H(Xj) is positive definite
or semi-definite there.

(b) if f has a local maximum at X, € A, then its Hessian H(X() is negative
definite or semi-definite there.
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(10) Let A be a square n x n self-adjoint matrix and Y a fixed vector in E™ | and let
f(X)=(X, AX) —2(X,Y).
(a) If f(X) has a critical point at Xy, prove X satisfies the equation
AXy=Y.

(b) If A is positive definite and X satisfies the equation AXy =Y, prove f(X)
defined above has a minimum at X . [The results of this problem remain valid
if A is any positive definite linear operator - possibly a differential operator.
The nonlinear function f(X) defines a variational problem associated with the
equation AX =Y ]

(11) If f: A — E has three continuous derivatives in the open set A C E? containing the
origin, state precisely and prove Taylor’s Theorem with three terms about the origin.
The resulting expression will be

f(X) = f(z,y) = f0) + f2(0)z + f,(0)y + %[fm(o)ﬁ +2fuy (0)zy + fyy (0)y?]

1
o7 [foaa(2)2° + 8y (2)2%y + 3fayy (Z)2y” + Fuy(2)y°)
where Z is on the line segment between 0 and X = (x,y).

(12) If w(z,y) has the property uzy(x,y) =0 for (z,y) in some open set, prove u(z,y) =
¢(x) + ¥ (y), where ¢ and 1 are functions of one variable.

(13) Compute the direction(s) at Xy in which the following functions f
i) increase most rapidly,
ii) decrease most rapidly,

iii) remain constant.

x1,T2) =3 — 2x1 + Hxo at Xo=1(2,1)

r,y) =tV at Xo=(1,-2)

r,y,2) =222 + 3wy + 522 + 4y — > + 7 at  Xo(1,0,—1)
U, v) =uv —u+v+2 at (—1,1).

(a)
(b)
()
(d)

e

(
(
(
(

8.3 The Vibrating String.

Waves. You have been hearing about them your whole life. Waves are the term used to
describe the oscillatory behavior of continuous media; water waves and sound waves being
the most familiar. We shall give a mathematical description of a very simple type of wave
- those in an oscillating violin string. The resulting mathematical model will be a second
order linear partial differential equation - the wave equation - with both initial and boundary
conditions.
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a) The Mathematical Model

Consider a string of length ¢ stretched along the z axis. Imagine the string vibrating
in the plane of the paper and let u(z,t) denote the vertical displacement of the point x
at time t. In order to end up with a tractable mathematical model several reasonable
simplifying assumptions will be made. We assume the tension 7 and density p of the
string are constant throughout the motion, while the string is taken to be perfectly flexible
so the tension force in the string acts along the tangential direction. Dissipative effects (air
resistance, heating, etc.) are entirely neglected. One more assumption will be made when
needed. It essentially states that the oscillations are small in some sense.

Newton’s second law, ma = ) F', is where we begin. Draw your attention to a small
segment of the string whose length, at rest, is Az = x9 — x1. The mass of the segment is
pAx . By Newton’s second law the segment moves in such a way that the product of its
center of gravity equals the resultant of the forces acting on it. For the vertical component,
this means )

pr%(jat) = F,
where T € (x,x 4+ Az) is the horizontal coordinate of the center of gravity of the segment,
and F, means the vertical component of the resultant force.

There are two types of forces. One is the tension acting at both ends of the segment.
The other is gravity acting down with a force equal to the weight of the segment, pgAx. To
evaluate the tension forces, let 61 and 6 be the angles the string makes with the horizontal
at either end of the segment (see figure above). Then the vertical component of the tension
force is

78infy — 7sinf;.

The signs indicate one force is up while the other is down. Adding the tension force to the
gravitational force and substituting into Newton’s second law, we find

0%u

PATSE

(Z,t) = 7(sinfy — sinby) — pgAwx.
The dependence of #; and 62 on the displacement can be brought out by using the

relation
Uy

V1+uZ

which follows from the relation u, = tan @ for the slope of the string. Using this, we obtain
the equation

sinf =

A 82u(~ 0 Uy Uy A
PAT—(T,t) =T | ——— |pmy — —mc — pgAzx.
ot Viea |77 a2

A simplifying assumption is badly needed. If the function u,/1/1+ u2 is expanded in

a Taylor series,
Ug 14

_— = U, — —U _|_7
V14 u2 v
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we see that if the slope w, is small, essentially only the linear term in this series counts.
Therefore, we do assume the slope u, is small (this is the same assumption made in treating
the simple pendulum). With this simplification, the equation of motion is
0%
pAmw(x,t) = Tuz(x2,t) — uz(x1,t)] — pgAz.
Divide both sides of this equation by Az = x9 — 1 and let the length of the interval shrink
to zero. Since
Ug(z2,t) — ug(z1,t) 0 0%u

I = L ugla,t) = 20 (x,t
(zzfl‘fgl)ﬁo To — T 8:1:%(3:’ ) Ox? (2,1),

where z is the limiting value of x7 and x5, we find

627“( t)— @( t)—
patg ‘T) _7-8372 I, pg

Because the length of the interval has been shrunk to one point x, the center of gravity is
now at x too.

It is customary to let 7/p = c?. The constant ¢ has units of velocity, and, in fact, is
just the speed with which waves travel along the string. Thus

Lu := uy — 02um = —g.

This is the wave equation, a second order linear inhomogeneous partial differential equation.
As was the case with linear ordinary differential equations, it is easier to attempt first to
solve the homogeneous equation

Lu = uy — CQUM =0.

On physical grounds, we expect the motion w(z,t) of the string will be determined if
the initial position wu(z,0) and initial velocity w¢(x,0) are known, along with the motion of
both end points «(0,t) and w(¢,t). However the mathematical model must be examined
to see if these four facts do determine the subsequent motion (which it should if the model
is to be of any use). Thus we must prove that given the

initial position u(z,0) = f(x), z € [0,/]

initial velocity u(x,0) = g(z), x € [0,/

motion of left end  u(0,t) = ¢(¢) t>0

motion of right end — w(¢,t) =(t), t>0,
then a solution wu(z,t) of the wave equation

Ut — 02um =0

does exist which has these properties, and there is only one such solution. Existence and
uniqueness theorems must therefore be proved.

b) Uniqueness

This is almost identical to all uniqueness theorems encountered earlier, especially that
for the simple harmonic oscillator in Chapter 4, Section 2.
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Theorem 8.11 (Uniqueness). There exists at most one twice continuously differentiable
function u(x,t) which satisfies the inhomogeneous wave equation

Lu = uy — gy = F(x,t)

and the subsidiary
initial conditions: wu(z,0) = f(z), w(x,0) = g(x), z € [0,/
boundary conditions: u(0,t) = ¢(t), u(l,t) =(t), t >0,
where F, f,g,¢, and ¢ are given functions.

PROOF: Assume u(z,t) and v(x,t) both satisfy the same equation and the same subsidiary
conditions. Let w(z,t) = u(z,t)—v(x,t). Then Lw = Lu—Lv=F—F =0, so w satisfies
the homogeneous equation

Lw = wy — cme =0

and has zero subsidiary data

initial conditions: w(z,0) =0, w(z,0) =0, z € [0,/

boundary conditions:  w(0,t) =0, w({,t) =0,t >0
We want to prove w(z,t) = 0. Notice that w satisfies the equation for a vibrating string
which is initially at rest on the z axis, and whose ends never move. Therefore our desire
to prove the string never moves, w(x,t) =0, is certain physically reasonable.

For this function w, define the new function FE(t)

1 1
E(t) = / [w? + w?] d.
2 Jo
We have named the function E(t) since it actually happens to be the energy in the string
associated with the motion w(z,t) at time ¢, except for a factor of p. Assume it is “legal”
to differentiate under the integral sign (it is). Upon doing so, we get
dE ¢

i [wiwyy + cszwm] dx.
0

But an integration by parts reveals that

l Y4
4
WaWgt AT = wxwt‘o — Wi Wy AT
0 0

Because the end points are held fixed, w(0,t) = 0 and w(¢,t) = 0, the velocity at those
points is zero too, wy(0,t) =0 and w(¢,t) = 0. This drops out the boundary terms in the
integration by parts. Substituting the last expression into that for dE/dt, we find that
dE ¢ )
— = Wi Wy — C Wy | dx.
dt 0 t[ tt :):x]
But w satisfies the homogeneous wave equation wy — c*wye = 0. Therefore dE Jdt =0,

O
E(t) = constant = E(0),

that is, energy is conserved. Now

4
B(0) = % /0 w2 (z,0) + Gw(z, 0] da.
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Since the initial position is zero, w(xz,0) = 0, its slope is also zero, w,(z,0) = 0. The
initial velocity wy(z,0) is also zero, w¢(x,0) = 0. Thus

that is,
1 l
0=E(t) = 2/ [w?(z,t) + Fw?(z,t)] d.
0
Because the integrand is positive, we conclude wy(x,t) =0 and wy(z,t) = 0. Consequently

w(z,t) = constant. Since w(0,¢) =0, that constant is the zero constant,
w(z,t) = 0.

Therefore
u(z,t) —v(x,t) = w(z,t) =0,

so u(xz,t) = v(x,t): the solution is unique.

c) Existence

For the simple one (space) dimension wave equation, there are many ways to prove a solution
exists. The one to be given here is not the simplest (see Exercise 6 for the result of that
method), but it does generalize immediately to many other problems. It makes no difference
how we find a solution, for once found, by the uniqueness theorem it is the only possible
solution. To avoid complications, we shall consider only the homogeneous equation and
assume the end points are tied down. Thus, we want to solve

Wayve equations: Ut — gy = 0.

Initial conditions: u(z,0) = f(x), ue(x,0) = g(x).

Boundary conditions:  w(0,t) =0, wu({,t)=0.

The idea is first to find special solutions wj(x,t), ug(x,t),..., which satisfy the bound-

ary conditions but do not necessarily satisfy the initial conditions. Then, as was done for
linear O.D.E.’s, we build the solution which does satisfy the given initial conditions as a
linear combination of these special solutions,

u(a,t) = Ajuy(a,t),

that is, by superposition.
Let us seek special solutions in the form of a standing wave,

u(z,t) = X(x)T(t).

Here X(z) and T'(t) are functions of one variable. Our procedure is reasonably called
separation of variables. Substitution of this into the wave equation gives

Tt X (z) — X" (x)T(t) =0,

or

X"(z) 17T

X(z) 2T()
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Since the left side depends only on x, while the right depends only on ¢, both sides must
be constant (a somewhat tricky remark; think it over). Let that constant be —~v (using
—~ instead of v is the result of hindsight, as you shall see).

X" 17T

X -er= 7

This leads us to the two ordinary differential equations

X"(z) + X (z) =0, T(t) + AT (t) = 0.
Since u(0,t) = 0 and w(f,t) =0 and u(x,t) = X(x)T(t), the function X (x) must also
satisfy the boundary conditions

There are several ways to show ~ must be positive. Perhaps the simplest is to observe
that if v < 0 or v = 0, the only function X (¢) which satisfies the differential equation
X" +~+X =0 and boundary conditions X (0) = X(¢) = 0 is the zero function X(x)=0.
Since for this function w(z,t) = X(x)T'(t) =0, it is devoid of further interest.

Another way to show ~ is positive is to multiply the ordinary differential equation
X" 4+~X =0 by X(x) and integrate over the length of the string,

l
/0 (X (2)X"(z) +vX*(x)] dz = 0.

Upon integrating by parts, we find that

14

/0 E?(m)X’(x) dr = XX'| — / e X"?(x) dx.

0 0

Since X (0) = X (¢) = 0, the boundary terms drop out. Substituting this into the above
equation, we find that

/OEXQ(m) dx = ’y/OZXQ(x) dx.

If X(z) is not identically zero, this can be solved for ~

/ ZX’Q(x) dx

V=
/XQ(a;)da:
0

and clearly shows v > 0.
Enough for that. The solution of X" +~vX =0, v >0, is

X(z) = Acos\/yx + Bsin/yz.

The boundary condition X (0) = 0 implies A = 0, while the boundary condition at the
other end point X (¢) = 0, implies

0 = Bsin /L.
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If B=0 too, then X(z) =0, so u(xz,t) =0. This is of no use to us. The only alternative
is to restrict v so that sin,/yl = 0. This means /9 is a multiple of 7, \/9¢ = nm, n =
1,2,...,

VA =

There is then one possible solution X (z

~[§

, n=12....

~—

for each integer n,

Xn(z) = By sin n%x,

where the constants B, are arbitrary.

REMARK: There is a similarity of deep significance for mathematics and physics between
the work in these last few paragraphs and that done for the coupled oscillators in Chapter
6. There (p. 528-9), we had an operator A and wanted to find nonzero vectors S, and
numbers A such that

ASp = A\Sh.

The numbers found ), were called the eigenvalues of A, and S;,, the corresponding eigen-
vectors.
Here, we were given the operator A = —j—i and wanted to find nonzero functions

Xn(t) € {X €C?[0,4]: X(0)=X({) =0} which satisfy the equation
AX, = YnXn

The numbers found, 7, = n?7%/¢?, are also called the eigenvalues of A, and the function
Xn(t) = sin “Fx, the eigenfunction of A corresponding to the eigenvalue -, .

) Associated with each possible eigenvalue 7, , there is a solution of the time equation,
T +~eT =0,
nemw nem

Tn(t) = Cpcos —t + Dy, sin

t.
L 4

We therefore have found one special solution, wu,(x,t) — X, (¢)T,(t), for each value of
the index n,
. nmx nemt . ncmt
Up(x,t) = sin —— (av, cos —— + [, sin ).
l l L
The arbitrary constants have been lumped in this equation. These special solutions are the
“natural” vibrations of the string, or normal modes of vibration. A snapshot at t =ty of

the string moving in the mth normal mode would reveal the sine curve

nwx
un(x,tg) = C'sin 7

the constant C' accounting for the remaining terms, which are constant for ¢ fixed. In

music, the integer n refers to the octave. The fundamental tone is the case n = 1, while

the tone for n = 2, the second harmonic or first overtone, is one octave higher.

| A FIGURE GOES HERE |
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The time frequency V, of the nth normal mode is V,, = "7*, this is the number of
oscillations in 27 units of time. It is the time frequency which we usually associate with
musical pitch. The (time) period 7, of the nth normal mode is 27/V,, , that is 7, = 2l/nc.
Another name you will want to know is the wave length X, of the nth normal mode,
An = 2¢/n (see figures above). Notice that V,\, = ¢, an important relationship.

Having found the special normal mode solutions, wu,(z,t), we hope that arbitrary
constants «, and (3, can be chosen so a linear combination

o (o9}
t t
u(z,t) = Zun(m,t) = Z(an cos % + [y, sin ncgr ) sin nlg
n=1 n=1

will satisfy the given initial conditions. Every function wu(x,t) of this form automatically
satisfies the boundary conditions w(0,¢) = 0, u(¢,t) = 0 since each of the wu,’s satisfy
them.

If u(xz,0) = f(z) and wu(x,0) = g(x), then from the above equation, we must have

f(z) = Zun(x,()) = Zan Sin?
n=1 n=1

and

= du =\ nme nwx
n .
g(z) = ; o (#:0) = 27 Busin ==
Thus, the coefficients «,, are the coefficients in the Fourier sine series for f, while the [,
are essentially the coefficients in the Fourier sine series for ¢g. In fact, this is how Fourier
was led to the series bearing his name. These formulas for u(z,y), f(x), and g(z) become

easier on the eye if the length of the string is «,¢ = w. Then

oo
u(z,y) = Z(an cos nct + By, sinnet) sinna,

n=1
while

flx) = Zun(:n, 0) = Z oy, sinnx, (8-3)
n=1 n=1

and
=, 9'n >
g(x) = Z W(ZE‘, 0) = Z nefy, sin nx.
n=1 n=1
Finding the coefficients «,, and (3, is particularly simple if f and g can be represented
by finite series.

ExaMPLES: Find the solution u(z,t) of the wave equation for a string of length 7, | = 7,
which is pinned down at its end points, u(0,t) = u(w,t) = 0, and satisfies the given initial
conditions.

(1) u(z,0) = f(z) = 2sin3z, w(z,0) = g(z) = 3 sindx. We have to find «, and S, for
the two series

(o @]
2sin3x = g Qay, sinnx

n=1
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1 o
3 sindx = Z nefy, sinna.

n=1

For these simple functions, just match coefficients, giving

1
043:2, an:O7n7é37 a‘ndﬁ4:8775n:07n7£4‘

c

Therefore, the sum of the two waves

. 1. :
u(x,t) = 2cos3ct sin 3z + 3¢ Sin 4ct sin 4z
c

is the (unique!) solution of this example.
u(z,0) = f(z) = 1sin3z —sin 17z and
ut(x,0) = g(z) = —9sinz + 13sin 973x.

We have to find «, and (3, for the two series

1 (e.@)
B sindz —sin 17x = Z Q, sin nx

n=1
and
oo
—9sinx 4+ 13sin 973z = Z ncfB, sinnx.
n=1
By matching again, we find ag = %, a7 =—1,and a, =0 for n #3 or 17. Also,

B = %,5973 = % ,and (3, =0 for n # 1 or 973. The (unique) solution is then a
sum of four waves

9 . . 1 .
u(x,t) = —gsin ctsinx + 5 €08 3ct sin 3z
. 13 . .
—cos17ctsinl7z + sin 973ct sin 973x.
973c

Since f and g are not usually given in the simple form of these examples, the full
Fourier series is needed. Recall that the string is pinned down at both ends. Therefore
both the initial position function f(z) and velocity function g(x) have the property
f(0) = f(m) =0, and ¢(0) = g(7) =0, where we have taken the length of the string
to be 7. It is now possible to extend both f and g, assumed continuous in [0, 7],
to the whole interval [—m, 7| as continuous odd functions,

| A FIGURE GOES HERE |

that is, if x € [0, 7], we can define

f(=2)=—f(z) and g(-z)= —g(z),

since the right sides, —f(x) and —g(z), are known functions for x € [0, 7].

As odd functions now on the whole interval [—m, 7], the functions f and g have
Fourier sine series (cf. p. 252, Exercise 3a).
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where )
sinnx

bn:2/0ﬂf(:z)sm\/;x de, by :2/;9(3;) S da (8-4)

Comparing with the previous formulas (3) for f and ¢, we find

ap =bp/v/m, and f, = i)n/ncﬁ

Consequently

u(z,t) = Z(bnw + b sin nct) sin nx (8-5)

vTooone Jm

the coefficients b, and by, being determined from the initial conditions by equation

(4).

n=1

Thus, we have almost proved

Theorem 8.12 . If f(x) is twice continuously differentiable and g(x) once continuously
differentiable for x € [0,m] and both functions vanish at © = 0 and x = m, then the
function u(x,t) defined by equation (5) is a solution of the homogeneous wave equation

Ut — 02um =0

and satisfies the

initial conditions: u(x,0) = f(z), us(z,0) = g(x), = € [0, 7],
as well as the

boundary conditions: u(0,t) =0, u(m,t) =0, >0,

where b, and b, are determined from f and g through equations (4). Moreover, this
solution is unique (by Theorem 9).

Outline of Proof. If it is possible to differentiate the infinite series (5) term by term wu(z,t)

would satisfy the wave equation since each special solution wu,(z,t) does. In any case, the

initial condition wu(z,0) = f(z) is clearly satisfied. However, checking the other initial

condition wu(x,0) = g(x) also involves differentiating the infinite series term by term.
Thus, we must only justify the term by term differentiation of an infinite Fourier series.

For power series, we found (p. 82-3, Theorem 16) we can always differentiate term by

term within its disc of convergence. Such is not the case with Fourier series. For example,

2

oo .
. . S n-xT
the Fourier series E D)

converges for all =, but the series obtain by differentiating
n

n=1
o
formally, Zcos n?z diverges at z = 0. However, if a function is sufficiently smooth, its

n=1
Fourier series can be differentiated term by term and does converge to the derivative of the
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function. Since the details of a complete proof are but a rehash of the proof carried out for
power series (p. 82ff), we omit it.

ExAMPLE: Find the displacement u(z,t) of a violin string of length 7 with fixed end
points which is plucked at its midpoint to height A . The initial position is then

[ zh,z €[0,7/2]
f(z) = { (m —a)h, x € [1/2,7)],

and the initial velocity, g(z), is zero.

We must find the coefficients b, and b, in the series (5). After mentally continuing f
and g to the interval [—m, 7] as odd functions, the formulas (4) give us b, and b, ,

i sin nx 2h /2 i
bn—2/ flz de = — / xsinnxdm—i—/ T —x)sinnxdx y .
0 (@) VT ﬁ{ 0 7r/2( )

Integrating and simplifying, we find that

Ah e 0, neven
by = —=sino- =4 Ln=15913,...
v 1, n=3,7,11,15.

From g(z) =0, it is immediate that (3, =0 for all n. Thus,

o0
4h . onr .
u(z,t) = — E — sin —~ cosnct sinnx
T f=n 2
n=

_ 4h [cos 3ct sinx  cosct sin 3z n cos bet sin bz bl
oo 1 32 52

is the desired solution.

Exercises

(1) (a) Find a solution u(xz,t) of the homogeneous wave equation for a string of length
7 whose end points are held fixed if the initial position function is

u(z,0) = % sin4dx — sin 7,
while the initial velocity is
ut(x,0) = sin 3z + sin 73x.
(b) Same problem as a), but
u(z,0) = sin bz + 12sin 62 — 7sin 9z

ut(x,0) = —sinz + 91 sin 273z.
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(2) Find a solution u(z,t) of the homogeneous wave equation for a string of length
whose end points are held fixed if the string is initially plucked at the point = = 7/4
to the height A .

(3) Consider a vibrating string of length ¢ whose end points are on rings which can slide
freely on poles at 0 and ¢. Then the boundary conditions at the end points are

ug(0,t) =0, uzp (£, t) =0
that is, zero slope.

(a) Use the method of separation of variables to find the form of special standing

wave solutions. [Answer: up(z,t) = cos "7 (ay, cos " + B, sin 2 .

(b) Use these to find a solution with the initial conditions

u(z,0) = cosz — 6 cos 3z (let £ = )
1
ut(x,0) = 5 Co8 2x.

(4) Let u(z,t) satisfy the homogeneous wave equation. Instead of keeping the end points
fixed, we either put them on rings (cf. Exercise 3) or attach them by elastic bands,
in which case the boundary conditions become

uz(0,t) — cru(0,t) = 0, ug(m,t) + cou(m,t) = 0, c1,c2 > 0.

(a) Define the energy as before, and prove that energy is dissipated with these bound-
ary conditions, unless ¢; and co vanish.

(b) Prove there is at most one function w(z,t) which satisfies the inhomogeneous
wave equation uy — c*ug, = F(z,t) with initial conditions as before, but with
elastic boundary conditions

u:c((), t) - Clu(07 t) = ¢(t)7 u:v(ﬁv t) + 02u(7r, t) = 1/1(75),

where c¢; and co are non-negative constants.

(5) To account for the effect of air resistance on a vibrating string, one common assump-
tion is that the resistance on a segment of length Ax is proportional to the velocity
of its center of gravity,

Fles = —kAzu(Z,t), k > 0,

where k is a numerical constant. This is analogous to the standard viscous resistance
force on a harmonic oscillator.

(a) Find the equation of motion ignoring gravity. [Answer: C%utt + kup = Ugy |

(b) Find the form of the special standing wave solutions, assuming, the end points
are held fixed.

(c) Write a formula giving the probable form for the general solution wu(z,t).

(d) If the end points are pinned down, what do you expect the behavior of the string

will be as t — 00? Does the formula found in part c¢) verify your belief (it
should).
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(6)

(e) Define the energy FE(t) as before and show that energy is dissipated if the ends
are held fixed.

(f) Use the result of e) to prove E(t) + 2kE(t) > 0, and conclude that E(t) >
E(0)e=?* for ¢t > 0. This shows that the energy is not dissipated too rapidly.

It is possible to write the solution of the homogeneous wave equation for a string of
length 7 with fixed end points in a simple closed form by using the trigonometric
identities

2sinnx cosnet = sinn(x — ct) + sinn(zx + ct).

2sinnz sinnct = sinn(x — ct) — cosn(z + ct).
(a) Do this and obtain d’Alembert’s formula

[z —ct) + f(z+ ct) N 1 /Hct

u(a.t) = ; o IIGL3

—ct

(b) Solve the example of a plucked string (p. 641) again using this formula. Draw
two sketches, one indicating the position of the string at time ¢ = 5~ and another
at t = 7.

(a) Prove the wave operator L := % — 62%, ¢ a constant, is translation invariant,
that is, if T: u(z,t) — u(x + o, t +to), prove (LT)u = (T'L)u for all values of
xo and tg, and for all functions u for which the operators make sense.

(b) Find the function ¢(a,b) in the formula

Leaerbt — ¢<a’ b)eaerbt.

(c) Use part b) to show that if a is any constant, the four functions

a(z+ct) _—a(z+ct) ja(z—ct) _—a(z—ct)

e , € , € , €

are solutions of the homogeneous wave equation Lu =0.

(d) Use the fact that each of the above functions satisfies the ordinary differential
equation v”(z) = a?v(z) to conclude that if linear combinations of these func-
tions are to satisfy the boundary conditions v(0) = v(¢) = 0, then necessarily
a’® < 0, so the constant a is pure imaginary and we can write a = iy, where ~

is real.

(e) Let wu(z,t) be a linear combination of the four functions part ¢) with a = iy.
Show that u(z,t) may be written in the form

u(z,t) =sinyx [Acos~yct + Bsin~yct].

(f) If u(0,t) = u(f,t) = 0, show that ~, = “F . Find an infinite set of special solu-
tions wuy,(x,t) which satisfy the homogeneous wave equation with zero boundary
values [From here on, one proceeds as before to find the general solution. This
problem has shown how the idea of translation invariance can also be used to
lead one to the special solutions wu,, |.
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®) (a)

(b)

By inspection, find a particular solution for the solution of the inhomogeneous
wave equations
Lu := uy — CQum =g, ¢ = constant.

How can this particular solution be used to find the solution of the equation
Lu = g which has given initial conditions and zero boundary conditions?

(9) Flow of heat in a thin insulated rod on the z axis is governed by the heat equation

ug(x,t) = kzum(:c, t),

where wu(x,t) represents the temperature at the point z at time t, and k2, the
diffusivity, is a constant depending on the material. The “energy” in a rod of length

t,

(a)

0 <z </, is defined as

!
E(t) = ;/0 u*(x,t) da.

If the ends of the rod have zero temperature, u(0,t) = u(¢,t) = 0, prove “energy”
is dissipated, E(t) <0, by showing

dE(t ¢
d§> = —k2/0 ul(z,t) de.

Given a rod whose ends have zero temperature and whose initial temperature is
zero, u(x,0) = 0, prove that the temperature remains zero, u(x,t) =0.

Prove the temperature of a rod is uniquely determined if the following three data
are known:

initial temperature: u(z,0) = f(z), =z € [0,4].
boundary conditions: u(0,t) = ¢(t), wu(l,t) =1(t), t > 0.

Use the method of separation of variables to find an infinite number of special

solutions of the heat equation for a thin rod whose end points have zero temper-
2,2 2

—n‘k

ature for all ¢ > 0. [Answer: wu,(z,t) = cpe” 2 'sin e, n=1,2,...]

If the ends of a rod have zero temperature for all ¢ > 0, what do you intuitively
expect the temperature wu(z,t) will be as ¢t — oo? Is this borne out by the
formulas for the special solutions?

Find the temperature distribution in a rod of length 7 if the ends have zero
temperature and if the initial temperature distribution in the rod is

u(z,0) =sinx — 4sin 7z,

(10) If the temperature at the ends of the bar of length ¢ is constant but not necessarily
zZero, say

U(O,t) = 917 u(£7t> = 027

the temperature distribution can be found be splitting the solution into two parts,
u(z,t) = u(x,t) + up(x,t), where upy(x,t) is a particular solution having the correct
temperature at the ends of the bar and wu(x,t) is a general solution which has zero
temperature at the ends.
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(a) Find a particular solution of the homogeneous heat equation wu; = k?uy, which
satisfies u(0,t) = 20°, w(¢,t) = 50°, but does not necessarily satisfy any
prescribed initial condition. [Answer: Many possible solutions - for example
up(,t) = 20+ 307 , or upy(x,t) = 20 4 30sin 57] .

(b) Find the temperature distribution in a rod of length 7 if the initial temperature
is u(x,0) = 2sinz — sin4x, while the boundary conditions are as in part a).

(11) If the ends of a bar of length ¢ are insulated instead of being kept at zero, the

boundary conditions are
uz(0,t) = ug(¢,t) = 0.

(a) Use the method of separation of variables to find an infinite number of spe-

cial solutions for the homogeneous heat equation with insulated ends. [Answer:
Cn2k2.2
Un(x,t) = cpe” 2 tcos%, n=0,1,2,...].

(b) What is the temperature distribution in a rod whose ends are insulated if the
initial temperature distribution is

2rx 1 omx
u(z,t) = 3C087 —peos—

(12) In this exercise you will find a quantitative estimate for the rate of decrease of energy
for the heat in a rod of length ¢ with zero temperature at the ends.

(a) Use the result of Exercise 9a to prove the differential inequality
— < —cE(t
< —cE(),
where ¢ is a positive constant. [Hint: Look at p. 227 Exercise 15¢].

(b) Conclude that
E(t) < E(0)e ™, t > 0.

This is the desired estimate for the decrease of energy in the rod.

(13) The linear partial differential equation
Ugy — U = Ut

governs the temperature distribution in a rod of length ¢ made up of a material which
uses up heat to carry out a chemical process. Define the energy FE(t) in the rod as
in Exercise 9.

(a) Prove that if the ends of the rod have zero temperature, then the energy is
dissipated, E(t) <0.

(b) Given a rod whose ends have zero temperature and whose initial temperature
u(x,0) is zero, use a) to prove that the temperature remains zero, u(x,t) =
0,t>0.

(c) Use part b) to prove that the temperature of the rod described above is uniquely
determined if the following three data are known

u(z,0) for =z €]0,¢,u(0,t) and wu(l,t) for t>0.
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(14) In setting up the mathematical model for the vibrating string, we never examined the
horizontal components of the forces.

(a) Show that the net horizontal force is
Fy, = 1cosbfy — 7 costy

(b) Under our assumption u, is small, show that the net horizontal force is zero -
so there is no horizontal motion of the string. This justifies the statement that
the motion of the string is entirely vertical.

(15) Use the formula V,, = nme/l (page 635) for the frequency and the relationship be-
tween ¢, T and p (page 624) to derive a formula for V,, in terms of the physical
constants ¢,7T, and p for a vibrating string. Interpret the effect on the frequency,
V., , if the physical constants are changed. Does this agree with your experience in
tuning stringed instruments?

8.4 Multiple Integrals

How can we extend the notion of integration from functions of one variable to functions of
several variables? That is the problem we shall face in this section.

Let w = f(X) = f(x1,...,z,) be a scalar-valued function defined in C' C E". For
the purposes of this section it will be convenient to think of f as either the height function

for a surface M in E"*! over D, or as the mass density of D . In the first case. / / f
D
should be the volume of the solid contained between M and D (see fig.), whereas in the

second case, / / f should be total mass of the set D .
D

Two problems have to be solved. First, define the integral in E™. Second, give a
reasonable procedure for explicitly evaluating the integral in sufficiently simple situations.
More so than for the single integral, the problem of defining the multiple integral bristles
with technical difficulties. However, after this is done the evaluation of integrals in E" can
be reduced to the evaluation of repeated integrals, that is, a sequence of n integrals in E!,
which is in turn effected not by using the definition of the integral, but rather by recourse
to the fundamental theorem of calculus.

Before starting the formalities, it is well advised to see where some difficulties lie.
Suppose we are given a density function f defined on some domain D and want to find
the total mass of D . To make things even simpler, assume for the moment that the density
is constant and equal to 1, for all X € D C E™. Then the mass coincides with the volume
of the domain. For the special case of functions of one variable D C E! is an interval so
the “volume” of D (really the length of D) is trivial

| A FIGURE GOES HERE |

to compute, Vol (D) = b — a. However if D has two or more dimensions, even finding the
volume of D (area if D C E?) is itself difficult.

The problem is that a connected set D in E' can only be a line segment, whereas a
connected open set in E”, n > Z can be much more complicated topologically. In E', the
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closed “cube” and closed “ball” are both intervals [a,b], and every other connected set is
also an interval. In E?, not only do the cube and ball become distinct, but also a slew of
other possibilities arise. D may be riddled with holes and its

| A FIGURE GOES HERE |

boundary wild (contrasted to the boundary of a connected set in E! which is always just
two points, the end points of the interval). It should be clear that the notion of volume of
a set D may only be definable if the boundary of D is sufficiently smooth.

As you should be anticipating, the volume of a set D will be defined by filling it up
with little cubes of volume AxziAxs...Ax, = AV | and then proving that as the size of
the cubes becomes small, the sum of volumes of the cubes approaches a limit (here is where
the smoothness of §D enters). In two dimensions, D C E?, this roughly reads

Area (D) = lim ZZA&:A@/ = / dx dy.
Ax—0

Ay—0 D

Only after the volume of a domain is defined can the more general notion of mass
of a set D for a density function f be defined. The procedure here is straightforward,
however it is important that the density f be “essentially” continuous. Using the same
approximating cubes, we assign to each little cube its approximate density, say by using the
value of the density f at the center of the little cube. Adding up the masses of these little
cubes and passing to the limit again, we find the total mass of the solid D with density f.
Again, in two dimensions this roughly reads

Mass (D) = Alilllo Z Z f(zi,y;) AzAy = //D f(z,y) dz dy.

Ay—0

Because of the technical complications, we shall only state a series of propositions which
give the existence of the integral. The proofs of several crucial - but believable - results will
not be carried out, but can be found in many advanced calculus books. For convenience,
the geometric language of the plane, E?, will be used. The ideas extend immediately to
higher dimensions. Now some terminology.

DEFINITION: A shaved rectangle is a rectangle with its bottom and left sides omitted, that
is, a set of the form

Q:{X:(.%'l,wg): a; < Zj Sbj,j:LQ}.

A rectangular complex is a finite union of shaved rectangles, which can always be assumed
disjoint, that is, non-overlapping. This should more accurately be called a shaved rectan-
gular complex, but is not for the sake of euphony.

If D is a set, the characteristic function of D, Xp is defined by

1, XeD
XD(X):{O X > D.

A step function s(X) is a finite linear combination of characteristic functions of shaved
rectangles. The graph of this function looks like its name implies.
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| A FIGURE GOES HERE |

A function f has compact support if it is identically zero outside some sufficiently large
rectangle. The support of a particular function f, written supp f, is the smallest closed
set outside of which f is zero. Thus, it is the set of all points X where f(X) # 0 and the
limit points of those points.

We take the area of a shaved rectangle @ as a known quantity - the height times base,
and define the integral as

I(XQ)://EQXQCZA:/DdAEArea(Q),

where the Area (@) is defined in the natural way as length x width. You may wish to think
of dA as representing an “infinitesimal element of area”. We however assign no meaning
to the symbol and use it only as a reminder. Some prefer to do without it altogether and
write

/ Xg = Area (Q).
E2

Our task is to define

1= [[, raa

for density functions other than Xq’s. For example, if D is some set, for the function Xp

we want to define
Area (D) = // XpdA = // dA
E2 D

But this will not make sense unless it is shown that the set D does have a number associated
with it which has the properties of area. It is easy to define the integral of a step function
S. Let

S(X) = ZanQj(X)’

=1

where the @;’s are disjoint. Then / / S dA should represent the total mass of a plate

composed of rectangles 1, ...,Q, with respective densities ai,...,a,. Thus, we define
I1(S) = / SdA = ajArea(Qq) + ...+ azAred, (Q,) = Zaj /XQj dA.
j=1

The integrals of step functions clearly satisfy the following

Lemma 8.13 . If S1(X) and S2(X) are step functions, then
a). I(CLSl + bSQ) = aI(Sl) + bI(SQ)
b) Sl(X) § SQ(X) implies I(Sl) S I(Sg).
c). If S(X) is bounded by M, S(X) < M, then

I(S) < eM,

where ¢ is the area of the support of S'.
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The integral of any other more complicated function is defined by using step functions.

DEFINITION: A function f : E?> — E is Riemann integrableif given any € > 0, there are step
functions s and S with s(X) < f(X) < S(X) for all X € E2 such that I(S) —I(s) <,

that is
// SdA// sdA < e.
E2 E2

Intuitively, a function is Riemann integrable if it can be trapped between two step
functions S and s in such a way that the integrals of S and s differ by an arbitrarily
small amount.

DEerFINITION: If f is Riemann integrable, let S, and s, be a trapping sequence, for f,
that is, s,(X) < f(X) < Sp(X) and I(Sp) — I(sy) < L. Then the Riemann integral of
fy I(f) is defined as (cf. page 21, for the definition of l.u.b. = least upper bound, and of
g.l.b.).

I(f) =lub.gy—ool(sn)

We could have equivalently defined I(f) as I(f) = g.lb.,_,oI(Sy). Since both limits
are the same, it is irrelevant. However, it is important to show that I(f) has the same
value if any other trapping sequence S, (X), $,(X) is used. This is the content of

Lemma 8.14 . If f is Riemann integrable, then I(f) does not depend on which trapping
sequences are used. Proof not given.

Now we exhibit a class of functions which are Riemann integrable. The issue boils down
to finding functions which can be approximated well by step functions.

Lemma 8.15 . If f is a continuous function and D is a closed and bounded set, then
f can be approximated arbitrarily closely from above and below by step functions S and s
throughout D . Thus, given any € > 0, there are step functions S and s such that

0<SX)—f(x)<e, and 0< f(X)—s(X)<e forall X €D.
Proof not given.

Theorem 8.16 . If f is a continuous function with compact support, then it is Riemann
integrable.

PRrROOF: Let S(X) and s(X) be as in the lemma where D is the support of f. Then
s(X) < f(X) < 5(X)

and

Thus by Lemma 1,
I(S) —1(s) = I(S — s) < 2ce,

where ¢ is the area of the set (supp S) U (supp s).

Because f has compact support, the constant ¢ is bounded. Therefore the factor
2ce can be made arbitrarily small by choosing € small. This verifies all the conditions for
integrability.
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We have disposed of the problem of integrating continuous functions with compact
support. Notice that the above procedure is identical to that used for functions of one
variable (see figure.)

We still do not know how to find the area of a domain D . Although we anticipate that
Area (D) = I(Xp), this does not yet make sense (except for rectangular complexes) since
the discontinuous function Xp is not covered by Theorem 1). Let us remedy this now.
The problem is to show the boundary 9D does not have any area.

DEFINITION: A set in E? has content zero if it can be enclosed in a rectangular complex
whose total area is arbitrarily small. Thus, if a set has content zero, given any € > 0, there
is a rectangular complex R containing 0D such that

Area (R) =I(XRg) <.

It should be clear that any set with a finite number of points has content zero (since
each point can be enclosed on a square of side ¢, so the total area of N such squares is
Ne? | which can be made arbitrarily small.) One would also expect that curves will have
zero content. This is not necessarily true unless the curve is not too badly behaved.

Lemma 8.17 . If a curve is composed of a finite number of smooth curves, then it has
zero content. In particular, if the boundary 0D of a bounded domain D is such a curve,
it has zero content. Proof not given.

Theorem 8.18 . If the boundary 0D of a domain D C E? has content zero, then the
function Xp is Riemann integrable. Consequently, the area of D is definable and given by

Area(D):/EzXDdA://D dA.

PROOF: Almost identical to that for Theorem 11. Let € > 0 be given and let R be
the rectangular complex which encloses the boundary 9D, where R has area less than
€, [(XRr) < €. Then the part of D which is enclosed by R, D = D —- RN D, is a
rectangular complex asis Dy = RUD_ and Dy — D_ = R. Since Dy D D D D_, we
have

Xp (X) < Xp(X)< Xp, (X) foral X.

Also,
I(XD+) —I(XD_) :I(XR) < €.

Thus Xp is trapped by the step functions S = Xp, and s =Sp_ and I(S) — I(s) <,

proving the theorem.
It is now possible to define
/ / fdA
D
for continuous functions f where D is not necessarily the support of f .

Theorem 8.19 . If f is continuous in a closed and bounded set D whose boundary 0D
has content zero, then the function fx, is Riemann integrable and

//DfdAzquD)-
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PrOOF: Let R be the rectangular complex which encloses 0D and has area less than
€, [(Xg) <e. Take D_ =D —-RND and Dy = RUD_ as in Theorem 12. Further let
S1 and s; be step functions which trap f within e for all X € D_ (this is possible by
Lemma 3)

0<81(X) - f(X)<e, 0 f(X) —s1(X) <e forall XeD_,
S0
0<S51(X)—s1(X) <2 forall X eD.
Let M be an upper bound for |f| on D, |f(X)| < M for all X € D_. Then define

S=51+MXrp and s=s — MXp.
These functions S and s trap f on all of D,
s(X) < f(X)<S(X) forall X eD,

that is,
s< fXp<S forall X.

Furthermore

I(S —s)=1(S1 —s1)+2MI(XR)
< 2ce+2Me = (2c+ 2M)e,

where ¢ is the area of D_. Since S and s are step functions which trap f, and since
I(S — s) can be made arbitrarily small, the proof that fx, is Riemann integrable is
completed. We follow custom and write

17%0)= [[ faa

Except for the three unproved lemmas, this completes the proof of the existence of the
integral. The next theorem summarizes some important properties of the integral.

Theorem 8.20 . If f and g are Riemann integrable, then
a). I(af +bg)=al(f)+bl(g), a,b constants
b). f<g implies I(f) <I(g).
). (I <I(fD)

PROOF:

a) and b) are immediate consequences of the corresponding statements for step functions
(Lemma 1) and the definition of the Riemann integral as the limit of step functions. To
prove c¢), we first observe that if f is integrable, sois |f|. Since —|f] < f <|f|, by parts
a and b

—I(f]) < I(f) < I([fD),

which is equivalent to the stated property.
Although the approximate value of the integral / / fdA can be evaluated by using the
D

procedures of the above theorems, we have as yet no routine way of evaluating the integral



8.4. MULTIPLE INTEGRALS 353

if f and D are simple. Some notation will suggest the method. Write dA = dxdy and
think of dx dy as the area of an “infinitesimal” rectangle. Then

[ raa=[[ swvacay

If D is the domain in the figure, it is reasonable to evaluate the double integral, which we
shall think of as the mass of D with density f, by first finding the mass of a horizontal
strip

o(y) = / " Fa,y) da,
Y

1

and then adding up the horizontal strips to find the total mass

//D f(z,y) dxdyzf:g(y) dy:[:( f f(z,y) dg:) dy.

The integral on the right is called an iterated or repeated integral. In a similar way, one
could begin with mass of vertical strips

o) = [ " ) dy
.

3

and add these up

//Df(x,y)dxdyz/: h(z)dy:/j( 7:“‘L,?(:U,y)dy> .

For most purposes, it is sufficient to consider domains which are of the two types
pictured

| A FIGURE GOES HERE |

that is, D is bounded on two sides by straight line segments. More complicated domains
can be treated by decomposing them into domains of these two types, where one or both
of the straight line segments might degenerate to a point.

Theorem 8.21 . If f is continuous on a domain Dy (respectively Ds ) as above, then
the iterated integral

b ¢2(x) B8 $2(y)
/ < / f(z,y) dy) dz  [resp. / < / f(z,y) drc) dy]
a #1(x) a #1(y)

exists and equals
/ / f dA.
D

REMARK: If a domain D happens to be of both types (as, for example, rectangles and
triangles are ) then either iterated integral can be used and yield the same result - since

they are both equal / / fdA. See Examples 1 and 3 below (Example 2 could also have
D

Proof not given. It is rather technical.

been done both ways).

EXAMPLES:
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(1) Evaluate // fdA where f(x,y) = 2%y and D is the rectangle in the figure. We

D
shall integrate with respect to x first.

/DfdA_/12 </13(x2+xy)dx> dy.

The inner integral is the mass of a strip. Think of y as being the fixed height of the
strip. Then

3 3 2
2 x Ty |2=3
dzi _—
/1(at+wy)a: 3+2

Therefore, adding up all the strips we find

2 96 26 y=2 26 44
dA = | (2 +49)dy = (= 22‘ _ Y e
//Df /1(3+y)y (3y+y)y:1 3 T 3

Let us evaluate this again, now integrating first with respect to y.

//DfdA:/lg (/12(x2+xy)dy> da.

First ) )
=2
/(mz—l—xy)dy:(aczy—l—xy)’y =x2+§x
1 2 y=1 2
S0 )
x 3 =3 44
dA = ydr = (& + ~a? =—
[fraa= [ iow=a 3205

which agrees with the previous computation. Instead of imagining f as the density
of D, one can also take f to be the height function of a surface above D . Then the

integral / f dA is the volume of the solid whose base is D and whose “top” is the
D
surface M with points (x,y, f(x,y)). In this case, the volume is 44/3.

(2) Evaluate / / fdA where f(z,y) = 2>+ 2y +2 and D is the domain bounded by
D
the curves ¢1(z) = 222, ¢po(x) =4+ 2%, and 2 =0.

Integrate first with respect to y. Then y varies between 2z2 and 4 + 22, while z
varies between the two straight lines * =0 and = = 2.

[fras=[ ([ v om)

=4+
:/(xy++2y)‘y zdy
0 2 y=2x2
2
3 464
/(8+8x+2m2+4x3—x4—2x5)dy—15
0
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(3)

Evaluate // fdA where f(z,y) = (v —2y)? and D is the triangle bounded by
D
r=1,y=-2,and y+ 2z =6.

We shall integrate first with respect to . Then x varies between x = 1 and
T = —%y + 2, while y varies between the lines y = —2 and y =2.

RS /fom@f — 2y)2da dy

T=—1y+2 1 5 5
r=1 3

2
[ raa=3 [ 1e-300-a-za =1

One can also integrate first with respect to y. Then y varies between y = —2 and
y = —2x + 6, while = varies between the lines x =1 and x =3.

//DfdA: /13 </_;2$+4(x_2y)2 dy) der.

—2x+4 1 _
/ (x—2y)2dy=—*(:v—2y)3‘
) 6 y=—2

Since

Bl 2 2 1 3
|7 @22 e = e 2)

we find

Since

we again find

J[ faa=—5 [[(60-9 ~ o+ 41as = 15

Find the volume of the pyramid P bounded by the four planes x =0,y =0,z =0,
and z+y+ 2z = 1. The easiest way to do this is to let z = f(z,y) =1—xz —y be
the height function of the tilted plane which we shall take as the top of the pyramid
which lies above the triangle D (in the zy plane) which is bounded by the three
lines x =0,y =0, and z+y =1. Then

Volume (P) = //D flz,y)dxdy

One can integrate with respect to either = or y first. We shall do the x integration

first.
1 1-y
// fdA—/ (/ (1—w—y)dx> dy.
D 0o \Jo
Since )
- _ 1 o=ty _ 1 2
| e —ga—a—? =50y
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we find

Volume(P)://DfdA:;/01(1—y)2dy:—é(1—y)31:é.

0

This agrees with the usual formula for the volume of a pyramid

Vol = %altitude x area of base.

The identical methods work for triple integrals. All of the theorems and proofs remain

D

can either be interpreted as the mass of a solid D with density f, or as the “vol-
ume” of a four dimensional solid whose base is D and top in the surface with points
(z,y, 2, f(x,y, z)) . Because of conceptual difficulties, one usually thinks of f as a density.
Calculation of triple integrals is done by evaluating three integrals, as

///Dde:/</ </f(:c,y,z)dz> dy> dz,

where the limits in the iterated integral on the right are determined from the domain D .
An example should illustrate the idea adequately,

ExamMmpPLE: Evaluate // fdV where f(x,y,z) =c and D is the solid bounded by the
D

two planes z = 0, y = 2, and the surface z = —z? + y>. We have to evaluate /// cdV
D

which is the mass of the solid D with constant density c, that is ¢ times the volume of
D . It is convenient to carry out the z integration first, then the x integration

[ ear=e [ ([ (77 6) ae)

The x limits of integration have been found by looking at the region of integration in the
zy plane beneath the surface z = —22 +y?. This region, found by setting z = 0, consists
of the points between the straight lines 0 = —z? + y?, that is between the lines z =y and

@ = —y. Then
//Dfdvzc/o2 </yy(—m2+y2)dac> dy

2 3
—c [ (=% +ar?)
0 3

By letting ¢ =1, the volume of the solid is seen to be 16/3.

Exercises

(1) Evaluate / / zydrdy for the following domains D in two ways: / ( / xydz) dy
D

and /(/xydy)dx.
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(a) D is the rectangle with vertices at (1,1), (1,5), (3,1) and (3,5).
(b) D is the triangle with vertices at (1,1), (3,1) and (3,5).

(c) D is the region enclosed by the lines = 1, y = 2, and the curve y = 2° (a
curvilinear triangle).

(d) D is the region enclosed by the curves y = 22 and y = /.

// sinm(2x + y) dz dy,
D

where D is the triangle bounded by the lines * =1,y =2 and x —y =5.

//D(wy — y3) dz dy,

where D is the region enclosed by the lines © = —1, z = 1, y = —2 and the curve
y=2—2%.

(2) Evaluate

(3) Evaluate

(4) Evaluate
/ (zy + z)drdydz,
D

where D is the rectangular parallelepiped bounded by the six planes z = -2, y =

l,z=0,z=1,y=2,2=3.
/// xyzdr dydz,
D

where D is the solid enclosed by the paraboloid z = z? + 32 and the plane z = 4.

(5) Evaluate

(6) Find the volume of an octant of the ball x? 4 3% + 22 < a? in two ways;

(a) by evaluating
/ [z, y)dx dy
D

where f is a suitable function and D a suitable domain

J[[ awaya

(7) If f(x,y) > 0 is the density function of a plate D, the x and y coordinates of the
center of mass (Z,y) are defined by

- ffDxf:Cy)da:dy 7= fnyf$y)dxdy
[Ip f(zy)dedy’ [[p f(x,y)dedy

Find the center of mass of a triangle whose vertices are at the points (0,0), (0,4),
and (2,0), and whose density is f(z,y) =zy+1.

(b) by evaluating

where D is the ball.
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(8) The moment of inertia with respect to a point p = (§,n) of a plate D with density
f(z,y) is defined by

Jy(D) = / /D (& — €)%+ (y — )1 f (. y)da dy.

(a) Find the moment of inertia of the plate in Exercise 7, with respect to the point
p=(1,0).

(b) If D is any plate (with sufficiently smooth boundary), prove that the moment
of inertia is smallest if the point f = (£,7n) is taken to be the center of mass of
D . [Hint: Consider J as a function of the two variables ¢ and n and show J
has a minimum at (z,7) ]

(9) (a) Show that

/ /D Fey(,y)dady = F(pr) — f(p2) + F(ps) — F(pa),

where D is a rectangle with vertices at pi,p2,ps,psa (see fig.).
(b) Use the result of part (a) to again evaluate the integral in Ex. la.

(c) If U(x,y) satisfies the partial differential equation U,y =0 for 0 < y < z and
U(z,z) = 0 while U(z,0) = xsinz, find U(z,y) for all points (z,y) in the
wedge 0 <y < z. [Answer: U(z,y) =x sinz —ysiny for 0 <y < z].

(10) Let f(z,y) be a bounded function which is continuous except as a set of points
of content zero, and suppose f has compact support. Prove that f is Riemann
integrable. This again proves Theorem 13.

(11) Let Dy and Dy be domains whose boundaries have zero content and whose intersec-
tion D1 N Dy has zero content.

(a) If f is continuous on D;U Dy, prove that the integral / / fdA exists and
D1UDo

//DlUDZfdA:/ledA—I—/DQfdA.

(b) Give an example showing the above equality does not hold if D; N Dy has non-
zero content.

that

(12) (a) By an explicit construction, show that the region D = {(z,y)eE? : |z| + |y| < 1}
has boundary with zero content.

(b) By an explicit construction, show that the circle ? = {(x,y)eE? : 22 + 32 = 1}

has zero content.

(13) (a) By interchanging the order of integration, show that

/Ox(/osf(t) dt) ds — /:@ C0f0)dt

o [ K | rteyianas =2
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(14) Let D be a plate in the x,y plane with density f and total mass M . If p = (&, n)
is an arbitrary point in the plane and p = (Z,y) is the center of mass of D, prove

Jp(D) = J5(D) + Mllp — poll?,

where the notation of Exercise 8 has been used. This is the parallel azis theorem. It
again proves the result of Exercise 8b.
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Chapter 9

Differential Calculus of Maps from
£ to Em, S.

9.1 The Derivative

Now we generalize the ideas of Chapters 7 and 8 and consider nonlinear mappings from
aset D in E" to E™, F: D CE"—E",or Y =F(X), where X €D and Y € E™. In
coordinates, these functions look like

1 :fl(xlw"afzn)

Ym = fm(l'la . 7l'n)

where the functions f; are scalar-valued. The special case n = 1, m arbitrary, was treated
in Chapter 7, section 3, while the special case m = 1, n arbitrary, was treated in Chapter

8.

One interpretation of maps F' : D C E® — E™ is as a geometric transformation from
some subset D of E" into all or part of E™.

EXAMPLES.
(1) The affine map Y = F(X) defined by
y1 =2+ z1 — 227

Yy =141 + 22

maps E? into E?. Under this map, the origin goes into (2,1), the x; axis (i.e. the
line 25 = 0) goes into the line y; —y2 =1,

| A FIGURE GOES HERE |
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while the x5 axis goes into the line y; + 2yo = 4. The shaded region indicates the
image of the indicated square.

The map Y = F(X) defined by
Y1 =71 — T2

2 2
Yo = X7 + T4

maps all of E? onto the upper half 1y plane (since y2 > 0). Let us see what
happens to a rectangle under this mapping. Consider the rectangle R in the figure.
The x7 axis, xo = 0, goes into the parabola yy = y%, and the line xo = 1 into
y2 =1+ (y1 +1)%.

| A FIGURE GOES HERE |

Similarly, the line 27 = 1 is mapped into ys = 1+ (y; —1)?, while x; = 2 is mapped
into y2 = 4+ (y1 — 2)?. By following the images of the boundary OR, we now see
that the interior of R is mapped into the shaded curvilinear “parallelogram”. This
mapping, though injective when restricted to our rectangle, is not injective for all
(w1,22) € E2, since, for example, the points X; = (1,2) and Xy = (—2,—1) are
both mapped into the same point (—1,5).

The function w = x? + 23 whose graph is a paraboloid, is a map from E? into
E'. It can also be regarded as a map from E? into E® by a useful artifice. Let
Y1 = X1, Y2 = X2, and ygzw:x%+x%. Then

Y1 =1
Y2 = T2

2, 2
Y3 =21 + 23

is a map F from E? into E?. The image of the unit square (see figure) is then the
shaded region in the figure above the image (y1,y2) of the square R

| A FIGURE GOES HERE |

The map F :E2 — E3 defined by (cf. example 2)
Y1 =21 — T2

2 2
Yo =] + x5

Y3 = x1 + T2

also represents a surface M . In fact, since yj + y§ = 2ys, this surface is a paraboloid
opening out on the yo axis. Again, we investigate where the rectangle R of example 2
is mapped. Since the y; and y» components of the mapping are the same as before, the
image of R will lie on the surface M above the image (y1,y2) of (x1,x2). Thus the image
of the rectangle R is a patch of the surface M .
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From these examples, we see it is natural to regard any map F : D C E?> — E™
as an ordinary surface, or two dimensional manifold, embedded in E™ , much as a map
F : D C E! - E™ was regarded as an ordinary curve. In the case m = 1, the surface
F : D C E> —» E! was representable as the graph of the function F'. For m = 2 and
higher, this surface is seen as the range of the map. In the same way, an n dimensional
surface, or manifold, embedded in [E™ is a map F : D C E® — E™. You might want to
think of n as being the number of “degrees of freedom” on the manifold. In a strict sense,
the map F': D C E" — E™ is not an n manifold embedded in E™ unless E™ is big enough
to hold an m manifold, i.e. m > n. However by either using the graph of F', a subset of
E™T or by using the trick of example 3 we can always think of the map F : E® — E™ as
an n dimensional surface. For m > n, this surface can be embedded as a subset of E™.

There are several valuable physical interpretations of these vector valued functions of a
vector, Y = F(X). Consider a fluid flowing through a domain D in E*. The fluid could
be air and D as the outside of an airplane, or the fluid could be an organic fluid, and D
as some portion of the body.

The velocity V' of a particle of fluid is a three vector which depends upon the space co-
ordinate (x1,x2,x3) as well as the time coordinate t of the particle, V = F(x1, z2,x3,t) =
F(X,t). This velocity vector V(X,¢) at X points in the direction the fluid is moving.
Thus, the velocity function is an example of a mapping from space-time E3 x E! = E?* into
vectors in E3. In this case, we think of the velocity vector V = F(X,t) as having its foot
at the point X € D and imagine the mapping as the domain D along with a vector V
attached to each point of D (see fig. above). One calls this a vector field defined on the
domain D, since it assigns a vector to each point of D .

A very common vector field is a field of forces. By this we mean that to every point
X of a domain D, we associate a vector F(X) equal to the force an object at X “feels”.
If the forces are time dependent, then the force field is written F(X,t), X € D. You are
most familiar with the force field due to gravity. If es is the direction toward the center
of the earth, and say e; points east and ez north along the surface of the earth (other
coordinates must be chosen for the north and south poles), then the gravitational force
is usually written as F' = (0,0,¢), a constant vector pointing down to the center of the
earth. For more precise purposes, one must take into account the fact that g does vary
from place to place of the earth’s surface. Then F(x) = (0,0,¢(X)). In even more accurate
experiments - or in outer space - must further account for the effect of the other heavenly
bodies. This brings in the other components of force as well as a time dependence due to the
motion of the earth, F(X,t) = (fi(X,t), fa(X,t), f3(X,t)). The force field is imagined as
a vector attached to each point X in space, the vector having the magnitude and direction
of the net force F' there.

An entirely different example of a mapping F' from E™ to E™ is a factory - or an even
larger economic system. The vector X = (z1,x9,...,x,) might represent the quantities
x1,x2,... of different raw materials needed. Y = F(X) could then represent the output
from the factory, the number y; being the quantity of the jth product produced from the
input X .

Turning to the quantitative mathematical aspect of the mappings F' : E" — E™ | we
define the derivative. The definition will be formal, patterned directly on the definition of
the total derivative given previously (p. 578-9).

DEFINITION: Let F': D C E" — E™ and Xy be an interior point of D . F is differentiable
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at Xo, if there exists a linear transformation L(x,) : E" — E™, depending on the base
point X, such that

lim | F(Xo +h) — F(Xo) — Lixy)hll _o

IR]|—0 |7l

for any vector h in some sufficiently small ball about X. If F' is differentiable at X,

we shall use the notations iF
diX(XO) = F/(XO) = L(XO)
and refer to them as the derivative of F at Xg. If F'(Xy) depends continuously on the
base point Xy for all Xg in D, then F' is said to be continuously differentiable in D ,
written F € CY(D).
Many of the results from Chapter 8 Sections 1 and 2 generalize immediately to the

present situation.

Proposition 9.1 . The function F : D C E" — E™ is differentiable at the interior point
Xo € D if and only if there is a linear operator L(x,y : E" — E™ and a function R(Xo,h)
such that

F(Xo+h) = F(Xo) + Lixo)h + R(Xo,h) ||k,

where the remainder R(Xo,h) has the property

lim ||[R(Xo,h)| = 0.
Jim [RCXo. )]
PrOOF: <= If F is differentiable at Xo, let L(x,) be the derivative and take R(Xo,h) =
[F'(Xo + h) — F(Xo) — Lixy)hl/||h||. Then this L x, and R(Xo,h) do satisfy the above
conditions.
= If L(x,) and R(Xo,h) are as above, then
|1F'(Xo + h) — F(Xo) = Lixphll

lim = lim ||R(Xop,h)|| =0.
||| —0 [|A]] ||h||ﬂoH ( )l

Since L(x,) is linear, this proves F' is differentiable at X .
There is at most one derivative operator L x,), that is

Proposition 9.2 . (Uniqueness of the derivative). Let F': D CE" — E™ be differentiable
at the interior point Xo € D . If L(x,) and L(x,) are linear operators both of which satisfy

the conditions for the derivative of F' and X, then ﬁ(Xo) = E(XO) .

PRroOF: Word for word the same as the proof of Theorem 1, page 579-80.
If the map F' = F(X) is given in terms of coordinates,

y1 = filzr,..,2n)
Y2 :fg(xl,...,xn)

Ym :fm(l'l)"')xn)a

how is the derivative computed, and what is its relationship to the derivative of the indi-
vidual coordinate functions f; 7 The answer is contained in
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Theorem 9.3 . Let F' map D CE"™ into E™ be given in terms of the coordinate functions
fj(X), jzl,...,m
yi = fuX) fla,.. o)

Ym = fm(X) = fm(l'h . 7-%'m)-

(a) Then F' is differentiable or continuously differentiable at the interior point Xy € D
if and only if all of the f; ’s are respectively differentiable or continuously differentiable.

(b) Moreover, if F is differentiable at X, then the derivative in these coordinates is
given by the m x n matrix of partial derivatives

f1(Xo) oL (Xo),--., 5 (X0)
L(Xo) = F/(Xo) = . =

Ofm Ofm
frln(XO) aLwl (X0)7 ceey aan<X0>
The matriz is sometimes called the Jacobian matrix.

PROOF: (a) Observe that the limit

lim | F(Xo + h) — F(Xo) — Lixy)hll _0

1] —0 |7l

exists if and only if each of its components tend to zero,

lim 1£iXo + h) — f;(Xo) = Lijxo)hll _
=" [|A]]

0, j=12,...,m.

Thus, if F' is differentiable at X, each of the coordinate functions f; are differentiable
and have total derivative L;x,). Conversely, if each of the coordinate functions are dif-
ferentiable at Xg, all of the above limits exist so the vector valued function F' is also
differentiable.

(b) Since the differentiability of F' implies that of the coordinate vectors, we have

f1(Xo)
F'(Xo) =
fi(Xo)
The result now follows by writing out each of the derivatives

9 f1(Xo) 5f1(X0))
ox1 7 Oz,

f1(Xo) = (
f5(Xo) = ... etc. and then inserting these in the expression for F'(Xj).

Corollary 9.4 . A function F : D CE® — E™ is continuously differentiable in D if and
only if all the partial derivatives of its components Of;/0x; exist and are continuous.
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PRrooF: This follows from this theorem and Theorem 3, p. 585.
EXAMPLES.
1. Let F' be an affine map from E" to E™
F(X)=Y+ BX,

where B is a linear operator from E"™ to E™ (which you may choose to think of as an
m x n matrix with respect to some coordinate system) and Yy = F(0) is a fixed vector in
E™. Then F is differentiable at every point of E™ and it given by the eminently reasonable
formula

F,(XO) = B7

where the operator B does not depend on X . For proof, we observe that
F(Xo+ h) — F(Xo) = Yo + B(Xo 4 h) — [Yo + BX] = Bh.
Thus

lim |1F(Xo +h) — F(Xo) — Bh|| _ m 9
||4]|—0 [|A]] Ibl|—o0 || A]]

Since B is linear, this shows the derivatives exists and is B. Let us do this again in
coordinates. If B = ((b;;)) the function F' is

fl(X) =qyo1 + b11x1 + bioxas +... +bipxy
fo(X)  =wyo2 +barx1 +... +bop 1y,

fm(X) = Yom + gzt + ... by T

Therefore each of the functions f; is clearly differentiable and

o=k 58 =0n,.. b
Fro = (G282 = (b, bonn).
Consequently,
fi(Xo) bir, ..., bim
F'(Xo) = - =B,
fin(Xo) bmi, --vs bmn

which agrees with the result obtained without coordinates.
2. Let F:E? — E3 be defined by

fi(z1,29) =2 — 21 + 3
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fa(wr, m9) = w129 — 25
f3(z1,T2) = 23 — 3z 20.
Since each of the coordinate functions f; are continuously differentiable, so is F'. Because
fIX) = (=1,222),  f3(X) = (2,21 — 323),  f3(X) = (221 — 322, —321),
we find that at Xo = (3,1)

1(Xo) -1 2
Fl(Xo)= | f(Xo) | = L0
f3(Xo) 3 -9

If X is near Xg, then by Proposition 1 with h = X — X
F(X) = F(Xo) + f'(X0)(X — Xo) + remainder

0 -1 2 s
=1 2 |+ 1 0 < 1 1 ) + remainder,
3 3 -9 2

where the remainder term becomes less significant the closer X is to Xj.
Motivated by our previous work, it is natural to formally define the tangent map as
follows.

DEFINITION: Let F': D C E™ — E™ be differentiable at the interior point Xy € D . The
tangent map at F(Xp) to the (hyper) surface defined by F' is defined to be the affine
mapping

(X) = F(Xo) + f'(Xo)(X — Xo).

EXAMPLES:

(1) Let F be the function of Example 2 above. Then the tangent map at Xy = (3,1) is

0 -1 2 R
dX)=1| 2 | + 1 0 ! .
1’2—1
3 3 -9

(2) Let F be the function of Example 4 (page 679). Then

1 -1
FI(X)= | 221 21
1 1
Thus the tangent map at (2,1) is
1 1 -1 Ly
dX)=| 5|+ 4 2 (“’”1_1>
3 11 )\

If we let Y = ®(X), then the target plane in the tangent space is found from
y1 =14 (x1 —2)— (z2—1)
yo =5+ 4(x1 —2) +2(x2 — 1)
ys =3+ (21 —2) + (z2 — 1)

By eliminating x1 and xs from these equations, we find yo = —5 + y1 + 3y3. A graph of
the surface M and the tangent plane can now be drawn.
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| A FIGURE GOES HERE |

The next result is the generalization of the mean value theorem.

Theorem 9.5 . (Mean Value Theorem). Let F : D C E™ — E™ be differentiable at every
point of D, where D is an open convex set in E™ . If F'(X) is bounded in D , that is, if

<« forall X € D and forall i=1,...,m,

there is a constant v < oo such that ‘ng;(X)

and j=1,...,n, then
[1F(X2) — F(X1)]| < cf| Xo — X4

for all X1 and X2 in D, where C = \/nmry.

PROOF: The idea is to use the components of F' and to appeal to the similar theorem (p.
597-8) for the function from E™ — E!'. By that theorem, if X; and Xy are in D, then
there is a point Z; on the line segment joining X; to Xs such that

fi(Xe) = fi(X1) + f1(Z1)(X2 — Xy),

and similarly for the other components f2, f3,..., fi, . Thus
f1(X2) fi(X1) f1(Z4)
T N (e s
Jm(X2) Jm(X1) Sin(Zm)
where Z1,...,Z,, are all on the segment joining

| A FIGURE GOES HERE |

X7 to X5. Observe that the f]{(Zj) ’s are all vectors. Let L be the matrix of derivatives
in the last term above, that is

Fi(Z) Shzy) - Sz

Sin(Zm) U (Zm) o §2(Zm)
The above equation then reads
F(X3) = F(X1) + L(X2 — X3). (9-1)

This equation itself is sometimes referred to as the mean value theorem. Note, however,
that the partial derivatives in L are not all evaluated at the same point.

Since ’%(X)
find that

<~ for all X, if n is any vector in E", by Theorem 17, p. 373. we

| Ln|| < v/nmy||n]|.

Taking 7n = X2 — X1, and using (1), we are led to the inequality

[1F(X2) = F(X1)|| < Vnmy|| Xz = X,
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which holds for any points X; and Xs in D. With C = y/nm-, this is the desired
inequality.

A few heuristic remarks. We have been considering mappings F : E® — E™. In the
case of linear mappings, L : E" — E™ , it was possible to prove that the range of L had
dimension no greater than n, dim R(L) < n. Although this does not remain true for an
arbitrary nonlinear map F', it is still true if F' is differentiable - after a suitable definition of
dimension for an arbitrary point set is made (for the range of F will not usually be a linear
space, the only sets whose dimension we have so far defined). In the case of differentiable
maps [, it is easy to make a reasonable definition of dimension. The idea is to define
dimension of the range of F' locally, that is, in the neighborhood of every point in the
range. If F': D CE" — E™ and F is differentiable at X € D, then for all h sufficiently
small,

F(X +h) = F(X) + Lx)h + remainder.

The dimension of the range of F at F(X) is defined to be the dimension of its affine part,
which is the same as dim bR(L(x)). Since L(x) is a linear operator, its range has a well
defined dimension. Geometrically, we have defined dimension of the range of F' at F(X)
as the dimension of the tangent plane at F(X). Our definition makes good physical sense
for it is exactly the number an insect on the surface would use for the dimension. The
illustration below is for a map F : D [E? — E? whose range has dimension 2,

| A FIGURE GOES HERE |

Some special remarks should be made about maps from one space into another of the
same dimension,
F:D E"— E".

Let us assume F' is differentiable throughout D . Then the dimension of the range of
F at F(X), X € D, is the dimension of the range of Lx) = F'(X). If F is to preserve
dimension at every point, then we must have dim R(L(x)) =n for all X € D. For maps
F given in terms of coordinates, this means the determinant of the n x n matrix Lx)
does not vanish,
detL(X) = detF,(X) #0

for all x € D. In more conceptual terms, this states that a map F : D C E" — E" is
dimension preserving at Xy € D if its “affine part” ®(Xy + h) = F(Xo) + F'(Xo)h is
dimension preserving at Xy (there is no trouble with the constant vector F(Xy) since it
only represents a translation of the origin - which does not affect dimensionality).

From the geometric interpretation of determinants as volume, we see that the condition
det F'(X() # 0 means that if a small set S C D has non-zero volume, then its image F(X)
also has non-zero volume. In fact, we expect that if S is a small set about X , then

Vol (F(S)) = |det F'(Xg)| Vol ().

Our expectation is based upon the realization that if the points of S are all near X, then
F will behave like its affine part, (Xo+h) = F(Xo)+ F'(Xo)h, on the points Xo+h € S.
The above formula is a restatement of the effect of affine maps on volume (Corollary to
Theorem 30, page 426). We shall return to this later (Chapter 10, Section 4).
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Because of its frequent appearance, det F’(X) has a name of its own. It is called the
Jacobian determinant or just the Jacobian of F'. If F is given in terms of coordinates,

y1 = fi(zr,...,xn)

Yn :fn(xlv"wxn)a
then another common notation for the Jacobian is

/ _ 8(f17f27"'7fn)
det? (X) a a(xlaIEQa" . 7:L‘n)‘

For these maps F' from a space into one of the same dimension, F : D C E" — E",
there is a very special derivative which appears often. It is the sum of the diagonal elements
of the derivative matrix F’(X). One writes this expression as V. F or +F , the divergence
of F,

of1(X Ofa(X Ofn(X
_OR(X) OR(X) | 0h(X)

V- F(X) = div F(X) = =5 = o .

For example, if Y = F(X) is defined by
Y1 = x1 + 22122

2
Yo = 1 — 3:’627

then
/ - 1+ 229 224
F (X) o ( 23}1 -3 )

and
V- F(X)=divF(X) = (14+2x2)+ (—3) = =2 + 2x9.

The significance of the divergence will become clear later (Chapter 10, Section 2). You will
probably find it helpful to think of V as the operator

0 0
v*(aT;l"”’a*%)'

Then V - F' is the “scalar product” of the operator V with the vector F'.
EXERCISES.

(1) (a) Find the derivative matrix at the given point for the following mappings Y =
F(X).

(i) y1 =22 +sinzymo
Yo = o3 + cos 12 at Xo = (0,0)
(ii)) y1 = x% + z3e™2 — x%
Yo = 1 — 322 + o1 logxs
Ys = T2 + T3
Y4 = briwexs at Xo = (2,0,1)

(b) Find the equation of the tangent plane to the above surfaces at the given point.
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(2) Consider the following map from E? — E?

u = e*cosy
v =e"siny

(a) Find the image of the following regions
)z>0, 0<y<7
i) x>0, 0<y<m
i) <0, 0<y<27m
iv) 1<z<2, F<y<i.

(b) Compute the derivative matrix and its determinant.

(3) If F: D CE™— E™ is differentiable at Xy € D, prove it is then also continuous at
Xo.

(4) Let F and G both map D C E™ — E™, so the function f(X) = (F(X), G(X)) is
defined for all X € D and f:D — E'.

(a) If F and G are differentiable in D, prove f is also, and that
ff=FG+GF
(b) Apply this result to the function
f(X) = (X, AX) = 2(X, V),

where A is a constant linear operator from E" — E" and Y is a constant vector
in E”. How does the result simplify if A is self adjoint?

(5) If ¢: D CE" —E! and F: D CE" — E™, then the function G(X) := p(X)F(X)
is defined for all x € D and G : E" — E™.

(a) Let ¢(x9,x2) = ax1+bxe and F(x1,x2) = (axw1+ Pz, yr1+0x2). Let G = oF
and compute G'(X).

(b) More generally, prove that if ¢ and F' are differentiable in D, then G := ¢F
is also differentiable and find a formula for G’. If F is expressed in terms of

coordinate functions, F' = (f1, fo,..., fm), how does your formula read? Check
the result with that of part (a).

(6) (a) If F: D C E" — E™ is differentiable in the open connected set D, and if
F'(X)=0 for all x € D, prove that F is a constant vector.

(b) If F and G map D C E" — E™ are differentiable in the open connected set
D, and if F'(X)=G'(X) for all z € D, what can you conclude?

(7) Consider the map F : Q — R? defined by

x = (a+bcosyp)cosb
F: y=(a+bcosp)sinb
z =bsiny
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| A FIGURE GOES HERE |

(a) Compute F’.

(b) Find the equation of the tangent map at (0,0) and at (7/2,7/2).

(¢) Determine the range of the tangent map at the above two points and indicate
your findings in a sketch.
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9.2 The Derivative of Composite Maps (“The Chain Rule”).

Consider the two mappings
F:ACE"—E"™ and G: BCE™ — E".

Then the composite map H :=Go F : A CE"™ — E" is defined if B contains the image of
all the points from A, F(A) C B.

| A FIGURE GOES HERE |

The map H = G o F takes points from A C E" and sends them into E". From
knowledge of the derivatives of F and G, it is possible to compute the derivative of the
composite map G o F'.

Theorem 9.6 . Let F': A CE" - E™ and G : B C E™ — E" be differentiable maps
defined in the open sets A and B, respectively, with F(A) C B (so the composite map
H(X) :=(GoF)(X) is defined for all X € A). If Xo € A, let Yo = F(Xo) € B. Then
the composite map H is differentiable at Xy and

H'(Xo) = G'(¥o) o F'(Xo).
REMARK: The multiplication G’ o F’ is the multiplication of the linear operators G’ and

F'. If F and G are given in terms of coordinates, then the formula is just the product of
two matrices G’ and F’.

Before proving this theorem, we shall illustrate its meaning.

EXAMPLE: Let F :E? — E? and G : E? — E3 be defined by Y = F(X) and Z = G(Y)
as follows

2 21 = Y192
=x1—z
z3 = 5 — yg’
Then
_ Y2 Y1
FOO = pyommey sy )o G0 ={ 2 1
TX COSTX] SinTT] 9
At Xo=(3,2), we find Yy = F(Xo) = (—1,0). Thus
1 —4 0 —1
F'(Xp) = , GYp)=1| -2 1
—2m 0 0 0

If HX)=(GoF)(X)=G(F(X)), then the derivative of H at Xy is

0 —1 - om0
H(X))=G(Yo) o F'(Xo)=| -2 1 ( o 0 > —| —2-927r 8
0 0 T 0 0
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The derivative could also have been found in a longer way by explicitly finding Z = H(X)
from the formulas for F' and G

21 = y1y2 = (z1 — 23) (w2 sin )
=14yt +y2 =1+ (v1 —23)* + zpsinwz;
z3="5—ys =5— (rosinmay)?

and now directly computing H'(Xj) .

Proof of Theorem. Since F' is differentiable at Xg € A C E® and G is differentiable
at Yo € B C E", for all sufficiently small vectors h € E" and k € E™, we can write

F(Xo+h) = F(Xq) + F'(Xo)h + R1(Xo, h)||h||

G(Yo + k) = G(Yo) + G'(Yo)k + Ra(Yo, k)||K||
where
lim By (Xo:h)|| =0 and  lim ||Ra(Yo, k)| = 0.
i 1B XA =0 and = tim Il7>(¥0, B

Consequently, since H(X) := (Go F)(X) = G(F (X)),
H(X() + h) = G(F(X(] + h))

= G(F(Xo) + F'(Xo)h + Ri(Xo; h)|
= G(F(Xo)) + G'(Yo)F'(Xo)h + Rs(Xo, h)||h|,

where

and
k= F'(Xo)h + Ri(Xo; h)| |-

Thus, for all sufficiently small h,
H(Xo+h) = H(Xo) + G'(Yo) F'(Xo)h + R3(Xp, h) || h]l-

Because G'(Yp) and F'(Xj) are linear maps, so is their product. Therefore we are done if

we prove ||illi||mo||R3(X0; h| =0.

By the triangle inequality
[ BaYo, B 14
17l

1725(Xo3 h)I| < [IG'(Yo) Ra(Xo; B)|| +

Since for fixed Xy, the operators F'(Xy) and G’'(Yp) are constant operators, by Theorem
17, p. 373, there exist constants « and [ such that for any vectors £ € E* and n € E™,

17" (X0)éll < aliéll and [|G'(Yo)nl| < BlInll-

This means

%[l < 1F(Xo) ]l + | Ra(Xo; I IAI] < (o + [ Ra(Xo; B [)IR]
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and
1G"(Yo) R1(Xo; h)|| < Bl R1(Xo; h)-

Thus,
| R3(Xo; h)|| < BI|R1(Xo; h)[| + (o + [[R1(Xo; b)) | R2(Yo, k)|

Now, as ||h| — 0, so does |k| < (a+ ||[R1(Xo;h)|)||R] . From the definition of R; and
R, this implies ||R3(Xo;h)|| — 0 as ||h]| — 0 and completes the proof.

Incidentally, if one writes ¥ = F(X) and Z = G(Y), then the chain rule can be
written in the form

d dG ay
d:c<G F)= ay *dx’

which could hardly be more simple to remember.

For the balance of this section, we shall work out a few more illustrations showing how
the chain rule is applied in different concrete situations. We isolate the next example as an
important

Corollary 9.7 . Let F : D C E" — E™ and the scalar valued function g : E™ — E!
both satisfy the hypotheses of Theorem 1. If we write Y = F(X) in coordinates F =
(f1,f2,-- s fm), and let h=go F, then

Oh  _ 09 0f g Of2 99 Ofm
Oox1 ~ Oyi 0r1 + Byg o0z +oee OYm, 011
Oh _ Og 0fi |, Og Ofs 99 Ofm
Oxn, ~ Oyi Oxzn + Oy2 Oxn, + + Oym On

REMARK: This is the chain rule for scalar-valued functions.
Proor: By Theorem 3,

dh _ dg dF
dX dY dX
Since
dg _ (@ .. 99 29
ay oy’ Oym
and
ofh ... 9h
8%1 83371
|
ax ' ’
Ofm .. Ofm
ox1 O0zn

we find upon multiplying the matrices that
99 Of; 99 Of; 9y afg
z:: dy; 0z’ Z 0y, Oxs’ Z 3y] 8:17n

But we also know
dh Ooh Oh oh

X~ Ouy omy 92,
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Comparison of the last two formulas gives the stated result.
EXAMPLE. Let F :E? — E? and g:E? — E' be defined by

fil@r,z2) =21 — €2, g(y1,y2) = ¥ + 1y
fg(.rl,xg) = €$1 + xI9
Then

1 —e

T2
et ] > ;o 9Y) =2y +y2,m).

o = (
If h=goF = g(F(x1,22)), then
dh 1 —e™
ax =yt ) < et ] >

=2y +y2 +y1e™, —(2y1 + y2)e™ + y1).

In particular, we find

oh
- =2y1 +y2 +yie™
8.%‘1
and o
o2 ™ 4y,
s (2y1 + y2)e™ + 1

These formulas could also have been found by directly applying the corollary, viz.

Oh  0g 0fr 499 dg 0fa

z1
Oz, @yl Ory Oy oz, = (2y1 + y2)1 + y1(e™),

and similarly for 0h/0xs .

Many applications of the chain rule are more complicated. Consider a real valued
function g(x1, g, 3,t), which depends on the point X = (z1,22,23) as well as t. The
function g could be an expression of the temperature at a point X at time ¢. If the point
X represents your position in the room, then since you move around the room, X is itself
a function of ¢. Thus, if your position is specified by X = F(t),

= fi(t), z2= fa(t), z3= f3(t),

the temperature where you stand is h(t) = g(f1(t), fo(t), f3(t),t). Since F :E! — E3 while
g : E* — E', the chain rule is not directly applicable because g is defined on E*, while the
image of F isin E?.

A simple - if artificial - device clears up the difficulty. Introduce another variable x4
and let X = (z1,x2,x3,24). Then write g(x1,x2,x3,24), as well as X = F(t), with

= fi(t), x2= fat), x3= f3(1), x4= fa(t)=1.

Now, as before, h(t) = g(fi(t), f2(t), f3(t),t), but F : E! — E* and g : E* — E'. The
chain rule is thus applicable and gives

dh _ dg dF

dt  dX dt
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df1
dt

_ (09 99 D9 0y | G

N a$1’8l‘2’a$378$4 ng’ ’
1

so that
dh _ 99 0f 99 0f> 09 Ofs g
dt 01’1 ot 6952 ot 8563 ot 8.2?4.

Since x4 = t, the last equation can also be written as

dh _ 99 dfy 99 0f: , D dfs g
dt 8x1 dt 8:1;2 8t 81’3 dt dt.

From a less formal viewpoint, this could have been obtained directly from the equation
h(t) = g(fi(t), f2(t), f3(t),t) without dragging in the artificial auxiliary variable x4. The
variable x4 has been introduced to show how the chain rule applies. Once the process is
understood, the variable x4 can (and should) be omitted.

EXAMPLE. Let g(z1,72,23,t) = z1t + 323 — 2123 + Hﬁ% ,and let 1 =3t —1, 20 =

el xg =12 — 1. If h(t) = g(z1(t), z2(t), z3(t),t), we find

dh _ 09 9r1 | Og dwy | Og drs | Oy
dt N (91‘1 dt 8902 875 8173 dt 8t'

8t
(1+12)%
In particular, at t =1, we have x1 =2, x90 = 1, 3 = 0 so that

dh(1) 8
=103+ (6)1 - (22+2- 7 =5.

= (t—x3)3+ (Gxg)et_l — (21)2t 4+ 21 —

It is straightforward to compute the second derivative d?h/dt?> from the formula for
the first derivative.

d’h 0 ,dg.dxy 0 ,dg.dxo 0 ,dg.dxs 0 ,dg
@ a Vo' @ Tan'a T a'a)

For this example, this gives

d’h
= (-2t +1)3+ (6e!1)e! ™1 4 (=3)2t 4
1—3t2
t—1
(3 + 63726 — 2371 — 8m)

At t =1, we have

9%h -2
— (1) =(-2+1 — —4—-8—)=4.
6t2() (—=24+1)3+6—-6+(3+6 88)

The next example brings to the surface an ambiguity in the notation a% for partial
derivatives. This ambiguity is often a source of great confusion. Consider a scalar valued

function g(x1,x2,t,s). If x1 = f1(t) and o = fao(t), then

h(t7 S) = g(fl(t)v f?(t)vtvs)
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depends on the two variables ¢ and s. In order to see how h changes with respect to ¢,
we regard s as being held fixed and use the previous example to find

oh _ 09 0hy 99 0h O
dt  Ox; dt = Oxy Ot Ot

We were careful and realized that the functions g(z1,z2,t,s), a function with four
independent variables, and h(t, s) := g(f1(t), f2(t), t,s), a function with only two indepen-
dent variables, were different functions. The usual (occasionally confusing) approach is to

be less careful and write

09 _ 0990 09 9h 00

dt  Oxq dt  Odmg Ot Ot
In the above equation, the term dg/0t on the right is the partial derivative of g(z1,z9,t,s)
with respect to ¢t while thinking of all four variables x1,x2,t and s as being independent.
On the other hand, the term 0g/0t on the left is the partial derivative of g(f1(t), f2(t),t, s)
as a function of two variables. After being spelled out like this, the formula does have a
clear meaning - but this is not at all obvious from a glance. One might even be mistakenly
tempted to cancel the terms dg/0dt from both sides of the equation.

It is often awkward to introduce a new name, as h(t,s), for g(fi(t), fo(t),t,s) . Another
unambiguous procedure is available: use the numerical subscript notation for the partial
derivatives. Then g always refers to the partial derivative of g with respect to its first
variable, go with respect to the second variable, etc. Thus, for the above example of
g(z1,22,t,8) where z1 = f1(t) and x2 = fo(t), we have

99 _ g df, dfa
ot~ Ptat T ar 7
This clearly distinguishes the two time derivatives g3 and dg/0t.

The seemingly unnecessary comma in the notation is to take care of the possibility
of vector valued functions G(x1,x2,t,s) whose coordinate functions are indicated by sub-
scripts. For example, if G = gl is a map into E?, where the coordinate functions are

2

g1(z1,22,t,8) and go(x1,xe,t,s), then if x; = f1(t) and o = fa(t), we have

oG < % > _ ( giifl+ai2f5+ 913 )

ot \ % 92111+ g22f5+ 913

Here g1 = 0g1/0z1, etc. The notation f] for dfi(t)/dt could also have been replaced by
f1,1 —but this is unnecessary here since the f; are functions of one variable.

In applications, one commonly meets a problem of the following type. Let wu(z,y) be
a scalar valued function which satisfies the wave equation gz, — uyy = 0. If F': E? — E2
is defined by

v = fl6n) = 56 +n)

1
y=fa(&n) = 5(5 —n)
and if h =wo F, that is, h(&,n) = u(f1(&,n), f2(£,n)), what differential equation does h
satisfy? First, we compute h¢ and h,

Oh _0udfi  Oudfy _ 1 1, 1
% = 9w 0f oy oe — (@) Tun(g) = gluat )
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O _0uofi oudh 11 1
on  Ox On + dy On _“I(2)+Uy( 2) = 2(Ux Uy)

In a similar way the second derivatives hee, he, and h,y,, are found,

Ph_ 0(he) 0fr  (he) Ofo
dy

€2 ox 0& 0¢
10 1 10 1
= 5%(1@; + uy)i + 587/(% + uy) - 5= 4[uch + 2ugy + Uy,
d%h _ Ohe) _ 0(hg) Ofr N O(he) Ofs
0&on on ox on oy On
IR R T N
=35 Uy + Uy 2+28y Uy + Uy 5 —4[um—uyy]

h _ O(hy) 8fi _ 9(hy) dfy

87772  dx On dy 0On
10 1 10 1 1
2855( Uy)'§+§8fy(ux—uy)(—§)—1

Since hey, = [um — Uyy], and u satisfies the wave equation, we see that h satisfies the
equation

[Uzz — 2uqy + “yy]

hey =0,

so, in fact, the equations for hg; and h,, are superfluous to obtain the desired result.
From this, it is easy to give another procedure for solving the wave equation, indepen-
dent of Fourier series. Because hg, = 0, we know that h(£,n) = ¢(§) + (1), where the

+
functions ¢ and 1 are any twice differentiable functions. However, h({,n) = u(é US 52’7).
Since the equations x = 5;”7, Y= 5—77 may be solved for ¢ and 7 in terms of z and y,

viz. E=x+y and n=x—y, we have hz+y,z—y) =u(z,y). But h(&,n) = p(&)+v(n).
Consequently
u(z,y) = p(r +y) + Pz —y).

This formula is the general solution of the one space dimensional wave equation. It expresses
u in terms of two arbitrary functions ¢ and .

These functions ¢ and ¢ can be chosen so that the function wu(z,y), a solution
of the wave equation, has any given initial position wu(z,0) = f(z) and initial velocity
uy(z,0) = g(x). Let us do this.

From the initial conditions we find

f(@) = u(z,0) = p(x) + ¢(x)
9(x) = uy(x,0) = ¢'(z) — /().

After differentiating the first expression, one can solve for ¢’ and ',

Sy = TEHID gy S0~ 0l0)

Integrate these:

/ fs) +9(s) ds-g0(0)+w+1/0wg(s)ds.
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T f(s) +9(s) fl@)—f0) 1 (7
(z) = (0) —I—/O fds =(0) + — st 2/0 g(s)ds.
Thus,
x — S
) = ol ) + (e —y) = p0) + LD =IO L2 T 4
0
$(0) + fl@ = y2) — 1O _ 5 inty Yg(s)ds
Because f(0) = ¢(0) +4(0), this simplifies to
T — flg — z+y
u(z,y) = L4 +y)28f( v ;/_ o(s) ds.

the famous d’Alembert formula for the solution of the one space dimensional wave equa-
tion in terms of the initial position f(z) and initial velocity g(x). Unfortunately, simple
formulas like this are exceedingly rare. That is why a different, more generally applicable,
procedure was used earlier to solve the wave equation. As was seen in Exercise 6, p. 645,
the d’Alembert formula is recoverable from the Fourier series.

Exercises

(1) For the following function g and f, compute diX(g o F') and evaluate 8%1(9 oF) at
the point Xp = (2,2).

(a) g(y1,y2) = y1y2 — yoe?n |

2, 2
F:y, =2 — 1122, Y2 = 27 + 73

(b) g(y1,y2) =7+ €¥* sinyq
F iy =22119, y2 =25 — 73
() g(y1,y2,y3) =y — v3 — 3y1ys + 12

Fiyy=2x1 — g, yo=211+7, yY3=71]
(2) Let @(x1,22,t) := mowg—te?s . If X = F(t) is defined by z; = 1—t%, x9=3t+1,
find %(@OF) at t=1.

(3) Let ¢(x,s,t) == as+at+st. If x = f(t) =3 — 7, compute %(gpof) at t = 3.
Also compute g—;@pof) at t=3.
(4) If u(z,y) = 2? — y?, while F := (f1, fz) is given by = = f1(r,0) = rcosf, y =

fa(r,0) = rsinf find h, and hg, where h:=wo F. Also compute, h.., h.g and
hog -
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(5) (a) Let u(x,y) be a scalar valued function and F : E> — E? be defined by the polar
coordinate transformation

fi(r,0) =rcosf, fa(rf) =rsind,
Take h := wo F. Find hy, hg, hyp,hyg, and hgg. [Answer: hy = ugcosf +
Uy SInG,  hpp = —Uger sIN O+ Uy, (1 cos § —1 sin 6) +uyyr cos 0 —u, sin @+, cos 0]
(b) Show that

1 1
Ugy + Uyy = Py + ﬁhee + ;hr

(6) The two space dimensional wave equation is
Ut = Ugg + Uyy

(a) If the space variables z,y are changed to polar coordinates (ex. 5) while the
time variable is not changed, the wave equation reads

hee =7

where h(r,0,t) = u(rcosf,rsind,t).

(b) If a given wave form depends only on the distance r from the origin and time
t, but not on the angle 9, how does the wave equation for h simplify?

(¢) Consider the equation you found in b. Use the method of separation of variables
and seek a solution in the form h(r,t) = R(r)T'(t). What are the resulting
ordinary differential equations? Compare the equation for R(r) with Bessel’s
differential equation.

(7) If w= f(z,y,s), while z = ¢(y, s,t) and y = (s,t), find expressions for the partial
derivative of the composite function g(p(v,s,t),1s) with respect to s and t.

(8) (a) Let u(x,y) = f(x —y). Show that u satisfies the partial differential equation
Uy +uy = 0.

(b) Let u(z,y) = f(xy). Show that w satisfies the equation zu, —yu, =0.
(c) Let u(z,y) = f(3). Show that u satisfies the equation

Tug + Yyuy = 0.

(d) Let u(z,y) = f(z% + y?), so u only depends on the distance from the origin.
Show that u satisfies
YUz — Ty = 0.

(9) Let u(x,y) satisfy the equation zu, + yu, =0.

(a) Change the equation to polar coordinates [Answer: if h(r, ) := u(rcosf,rsinf),
then rh, =0].

(b) Solve the equation for h(r, ) and use it to deduce that u(z,y) = f(7) for some
function f. (cf. Ex. 8c)
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(10) Assume u(z,y) satisfies the equation
Ugpy — 2Uzy — 3Uyy = 0.
(a) Choose the constants «, 3,7, and ¢ so that after the change of variables z =
al+pn, y=~£+6n, the equation for h(&,n) = u(a€+PBn,v{+0m) is hey = 0.
(b) Use the result of part (a) to find the general solution of the equation for w.
[Answer: u(z,y) = ¢(3z —y) +(z +y) .

(11) If f(z,y) is a known scalar valued function, find both partial derivatives of the
function f(f(x,y),y).

(12) If W =G(Y) and Y = F(X) are defined by

G- wy = Y172 . lw :l‘%—?).%g—l‘g
: — oYy1ty2 : — 2.3
Wy = € Yo = T1 + 5 + ox3,

find ;& (GoF).
(13) Let u(x,y) be a solution of the two dimensional Laplace’s equation g, + uyy = 0.

(a) If w depends only on the distance from the origin w(z,y) = h(r), where r =
x? + y?, what ordinary differential equation does h satisfy? Compare your
answer with that found in Exercise 5.

(b) Solve the resulting equation for h and deduce that all the solutions of the two
dimensional Laplace equation which depend only on the distance from the origin
are of the form

u(z,y) = A+ Blog(x? + ¢?),

where A and B are constants.

(¢) Now do the same thing all over again for a solution w(x1,xs,...,x,) of the n
dimensional Laplace equation g,z + ...+ Uz,q, = 0, i.e. find the form of
all solutions which only depend on r = /2% + ... + 22, u(x1,...,2n) = h(r).
[Answer: w(z1,...,2,) = A+ m%ﬂ =A+ r"%’ n > 3].

(14) If f(t) is a differentiable scalar valued function with the property that f(x +y) =
f(x) + f(y) for all z,y € E', prove that f(z) = kx where k = f(1).

(15) (a) Find the general solution of the partial differential equation u, —2u, = 0. [Hint:
Introduce new variables as in Ex. 10]

(b) What is the solution if one requires that u(z,0) = x?? [Answer: u(z,y) =
(x +3)°].
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Miscellaneous Supplementary
Problems

1. (a)

(b)

Sn,m = 1,2,..., be a given sequence. Find another sequence a, such that
N

Sy = Zan. In other words, given the partial sums S, , find a series whose
n=1

partial sums are 5, . To what extent are the a, uniquely determined?

Apply part (a) to find an infinite series Y a, whose nth partial sum S, is

given by

2. Let S = {2z € R:x € (—1,1)}. Define addition on S by the formula =z @y =

T4y
14+axy’

x,y € S, where the operations on the right are the usual ones of arithmetic.

Show that the elements of S form a commutative group with the operation & .

3. (a)
(b)

If a, — a, prove that W — a also.
Assume that f is continuous on the interval [0,00] and lim f(z) = A. Define
r—00
1 N
Hy = N/ f(z)dx. Prove that lim Hy exists and find its value. [Hint:
0 Tr—00

Interpret Hpy as the average height of the function f].

Suppose that all the zeroes of a polynomial P(z) are real. Does this imply that
all the zeroes of its derivative P’(x) are also real? (Proof or counterexample).
What can you say about higher derivatives P®)(z)?

Define the nth Laguerre polynomial by

2 4"

Ln(z) =
(#) ="

2"

Show that L,, is a polynomial of degree n. Prove that the zeroes of L, (x) are
all positive real numbers, and that there are exactly n of them.

383
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o
. If f(x) has a Taylor series: f(z) = Zanas” (which converges to f for |z| < p so
n=0

the remainder does go to zero there) prove that f(cz¥), where ¢ is a constant and
k a positive integer, has the Taylor series

oo
flea®) = Z ancz"*
n=0

which converges to f(cz¥) for |z| < (&)Y*. You must show that i) the Taylor

lc]
coefficients for f(ca®) are a,c™, that ii) the power series for f(ca*) converges for
lz| < (£)'* and that iii) the remainder tends to zero. Apply the result to obtain

lc]
the Taylor series for cos(2x?) from that of cosz .

. Yet another proof of Taylor’s Theorem. Beginning with equation 9 on p. 98, define

the function K (s) by

A(S _ xo)N'H

N
_ 1 (o) .
K(s)—f(s)—;] ) — =

where A is picked so that K(Z)=0.

(a) Verify that K(zq) = K'(z¢) = ... KM (20) = 0.
(b) Use Rolle’s Theorem to prove that if a function K(s) satisfies the properties of a),
and if K (&) =0, then there is a ¢ between & and z such that KN+D (&) =0.

(¢) Apply parts a) and b) to prove Taylor’s Theorem.

Assume > a, converges. You are to investigate the convergence of Za% and
> +/|an| under various hypotheses.

(a) a, arbitrary complex number

(b) a,>0.

. The harmonic series 1+%+%+' -+ has been said to diverge with “infuriating slowness”.

Find a number N such that 1+ % + % 4+ 4 % is at least 100. Compare this with
Avogadro’s number ~ 6 x 1023

. Consider the series Y 7, a, , where the a, s are real.

(a) Let by, ba,bs,... and c1,ca,c3, ... denote the positive and negative terms respec-
tively from ai,ag,.... If Y7, a, converges conditionally but not absolutely,
prove that both series Y o2 b, and > 2, ¢, diverge.

(b) Let di,da,ds, ..., denote the terms aj,asg,as,... rearranged in any way. Prove
Riemann’s theorem, which states that if )~ , a, converges conditionally but
not absolutely, then by picking some suitable rearrangement, the series » 7, d,
can be made to converge to any real number, while using other rearrangements,
it can be made to diverge to plus or minus infinity.
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10. If A and B are subsets of a linear space V', a) show that span{ ANB } C span{ A }N

11.

12.

13.

span{ B }. Give an example showing that span{ A N B} may be smaller than
span{ A } Nspan{ B } .

b). Show that if A C B C span{ A}, then span{ A} D span{ B }.

Let A ={Xy,...,X,} be a set of vectors in a linear space V. Denote by cs A
(coset of A) the set

k k
CSA:{XEVZX:ZCL]'XJ', where ZQJ:]_}
g=1 j=1

Prove that cs A is a coset of V', in fact, the smallest coset of V' which contains the
vectors X1q,...,Xg.

(a) Consider the set of real numbers of the form a-+bv/2, where a and b are rational
numbers. Prove that this set is a vector space over the field of rational numbers.
What is the dimension of this vector space?

(b) Consider the set of numbers of the form a+bi, where a and b are real numbers
and ¢ = +/—1. Prove that this set is a vector space over the field of real numbers
and find its dimension.

If Iy and F> are fields with F; C Fy, we call F» an extension field of F} — such
as R C C. As such, we may think of F, as a vector space over the field F; (see
exercise 11). In other words, take F, as an additive group and take the scalars from
F . If this vector space is finite dimensional, the field Fb is called a finite extension
of I, and the dimension n of this vector space is called the degree of the extension
and written n = [F : Fi].

(a) Prove that every element & € F, satisfies an equation
an€” + an 1" - 4 ag =0,
where the a € Fy and n = [Fy : Fi]. [Hint: look at the examples of exercise

11].
(b) If Fy C F» C F3 are fields with

[Fy: Fil=n<oo and [F3:Fy] =m < oo,
prove that [F3: F}] < oo, in fact, prove
[Fg . Fﬂ = [Fg : F2HF2 : Fl] = nm.

(c) Let F; be the field of rationals, F5 the field whose elements have the form
a+ b3, where a and b are rational, and let F3 be the field whose elements
have the form ¢+ dv/5, where ¢ and d are in Fy. Compute [F, : Fy] and find
the polynomial of part a) satisfied by (1 —+/3) € F)y. Compute [F3 : Fy] and
[F5 : F1]. Find a basis for F3 as a vector space whose scalars are elements of
Fy . [The ideas in this problem are basic to modern algebra, particularly Galois’
theory of equations.]
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14.

15.

16.

17.

CHAPTER 10. MISCELLANEOUS SUPPLEMENTARY PROBLEMS

Let P; = (aj,055), 5 = 1,...,n,a; # aj be any n distinct points in the plane RZ.
One often wants to find a polynomial p(z) = ap + a1z + -+ + ayz which passes
through these n points, p(o;) = B, j = 1,...,n. Thus, p(x) is an interpolating
polynomial. Given any points Pi,..., P, , prove that a unique interpolating polyno-
mial p(z) degree n —1(= N) can be found. (More about this is in Exercises 17-18
below).

Let L; and Ly be linear operators mapping V' — V. Then they can be both
multiplied and added (or subtracted). The bracket product or commutator

[Ll, LQ} = L1L2 — L2L1

“measures the non-commutativity”. It is important in mathematics and physics. [In
quantum mechanics, the observables - like energy, momentum, and position - are
represented by self-adjoint operators. Two observables can be measured at the same
time if and only if their associated operators commute]. Prove the identities

(a Ll,Ll]:O, [Ll,I]:O

(b) [L1,Lo] = —[La, L]
(¢) [aLy,Ls] = a[L1, Lo], a scalar
(d) [L1+ Lo, L3] = [L1, Ls] + [Lo, L]

Ly, Ly, L3] = [L1, L] L3 + Lo[L1, L3]
Ly, (Lo, L3)] + [Lo, [L3, L1]] 4 [L3, [L1, Lo]] = 0

[§]

)
)
) |
)
)
£) [

(
(
(Part f is the Jacobi identity. It has been said that everyone should verify it once in
her lifetime.)

* Consider the normalized Legendre Polynomials,

5 1 d, ., .
en(z) = 2n+12”n!%(x -1, n=0,1,2,...

which are an orthonormal set of polynomials in Ls[—1,1], e, being of degree n. If
f € C[-1,1], prove that

N
Pyf = Z<f’ en)en
n=0
converges to f in the norm of Lo[—1,1]. [Hint: Use the form of the Weierstrass
Approximation Theorem (p. 255) and the method of Theorem (p. 241)].

* We again take up the interpolation problem begun in Exercise 13 above. Let P; =
(0, B5), 5 =1,2,...,n be n points in the plane, «; # o . Although we proved there
is a unique polynomial p(z) = ag + a1z + -+ + ap,_12""! of degree n — 1 passing
through the n points, the proof was entirely non-constructive. Here we (or you)
explicitly construct the polynomial.

(a) Show that the polynomial of degree n —1

pj(x) =1, (x — o)
kj

is zero if x = ay, k # j, but pj(a;) #0.
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(b) Construct a polynomial p;j(z) with the property p;(ax) = di .
(c) Show that
n
p(x) = Bipj(x)
j=1
is the desired (unique by Ex. 13) interpolating polynomial.
(d) Let P, =(1,1), P, =(2,1), P3=(4,-1), Py =(—-1,-2).
Find the interpolating polynomial using the above construction.

18. *If f is some complicated function, it is often useful to use an interpolating polyno-
mial instead of the function. Then the polynomial p(x) will pass through the points
Pj = (oo, f(ay)), j=1,...,n, so by Exercise 16,

p(z) =Y fla;)pj(z).
j=1

] How much will p differ from f in an interval [a,b] containing the a; 7 You must
estimate the remainder R= f —p.

(a) Assume f € C"[a,b]. Since R(z) = f(z) — p(xz) vanishes at =z = o, j =
1,...,n, it is reasonable to write

R(z)=(z—a1)-- (. —an)-(7)
Fixz Z and define the constant A by
f@) =p(@) =A@ —ar) - (& — om).

By a trick similar to that used in Taylor’s Theorem (cf. P. 104j Ex. 12), prove
that A = f("(€)/n! where ¢ is some point in (a,b). Thus,

(Z—aq) (T —ay)
n!

FOD(), € € (a,b).

(b) Let f(z)=2%,and oy = -1, a2 =0, a3 =1, oy = 2.
Find the approximating polynomial and find an upper bound for the error in the
interval [—2,2].

azr+b
cx+d

19. If z is irrational and a,b,c, and d are rational (with ad — bc # 0), prove that
is irrational.

20. Prove by induction that

14+3+5+-+(2n—1)=n

21. (a) If x>0, use the mean value theorem to prove

e >1+uz.
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(b) If a >0, prove that

n
D ar ST (1 +ap) < eXi=r o,
k=1
(Where HZ:lbk = blbg s bn )

(c) If ar > 0, prove that the infinite product 1132 | (14 ay) = limp oo I}, (1 + ag)
converges if and only if the infinite series 7o, converges.

22. Let ap41 = ﬁ , where a; > 1. Prove that

+

(a) the sequence ag,4+1 is monotone decreasing and bounded from below.
(b) the sequence ag, is monotone increasing and bounded from above.

(c¢) does lim a,, exist?
n—oo

23. Let ag, k = 1,...,n + 1 be arbitrary real numbers which satisfy a; + G +--- +

u 4 St — 0. Show that P(z) = a1 + agx + -+ + a,z" ! has at least one zero for

z € (0,1).

24. Suppose f € C? in some neighborhood of zg. Prove that

h)—2 —h
}llli% f($0+ ) f}(;?o)-i-f(ﬂﬁo ) Zf”(l“o)-

25. Let s(z) and ¢(x) be continuously differentiable functions defined for all z, and
having the properties

(a) Prove that c*(z) — s?(x) =1.
(b) Show that ¢(s) and s(z) are uniquely determined by these properties.

26. Consider > a, and ) b,.

n

an,

(a) If lim

n—od

= K, K # 0, 0o, then the series both converge or diverge together.

1 =0, then > b, converges.

(b) If > a, converges and lim
Gn

n—oo

n

(¢) If Y a, converges and lim
an

n—oo

= 00, then the series Y b, may converge or

diverge (give examples).

(d) Apply these to:

0 Y

n=2




27.

28.

29.

30.

31.

32.
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oo

. 1
(ii) 27n3—2\/ﬁ

n=1

T

o0
(i) > (~1)"sin ~. (Hint: as x — 0, S22 — 1),
n
n=1

The following (a weak form of Stirling’s formula) is an improvement of the result on
page 64, Ex. 6.

nlogn — (n—1) <logn! < (n+1)log(n+1) —2log2 — (n — 1),
from which one finds
n"e "t < nl < 1(n+1)(nHentL,

Prove these.

T

(a) Find the Taylor series expansion for f(z)=e™* about z =0.

(b) Show that the series found in (a) converges to e~ for all z in the interval
[—7, 7], where r > 0 is an arbitrary but fixed real number.

N sinrz
Sy = dx
2 xr

Does A}im Sy exist? [Hint: observe that Sy can be written as
—00

Consider the sequence

N-1
SN = E G,y
2

where

"+l gin o
ap = dx.
n T

Sketch a graph of Sin%, x > 2, to deduce - by inspection - the needed properties of
the ay’s. Please do not attempt to evaluate the integrals for a, |.

Let A={pe€Py:p(x)=p(—2)}.
(a) Prove that A is a subspace of Pg.

(b) Compute the dimension of A.

Let X and Y be elements in a real linear space. Prove that || X| = [|Y] if and only
if (X+Y)L(X-Y).

In the space R?, introduce the new scalar product
< XY >=x1y1 + 4x2yo,

where X = (z1,22) and Y = (y1,12) .
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33.

34.

35.

36.

37.

38.

39.

40.

CHAPTER 10. MISCELLANEOUS SUPPLEMENTARY PROBLEMS

(a) Verify that this indeed is a scalar product and define the associated norm | X|| .

(b) Let X; =(0,1) and X5 = (4,—2) . Using this norm and scalar product, find an
orthonormal set of vectors e; and ey such that e; is in the subspace spanned
by X1 .

Let H be a scalar product space with X and Y in H. Find a scalar « which
makes || X —aY|| a minimum. For this «, how are X —aY and Y related? [Hint:
Draw a picture in E2].

o0 [e.e]
) a
If g an, converges, where a, > 0, does the series E £2 also converge? Proof or
n
n=1 1
counterexample.

Use the Taylor series about zg = 0 to calculate sin.2 making an error less than
.005. Justify your statements.

Let A = span{(1,1,1,1), (1,0,1,0)} be a subspace of E*. Find the orthogonal
complement, A+, of A by giving a basis for AL .

Prove that
1 =1 1
1+ - — <1+ -
(a) +8<;k3< +2

R 3
1+ S <145,
(b) +2kz_lk2< +7

Let ai be a sequence of positive numbers decreasing to zero, ar — 0, and let Sy =
a1 +az+---+an.

(a) Prove that Sy > Nay .

(b) Use this to estimate the number, N, of terms needed to make

N
Zk‘1/4 > 1000.
k=1

Prove or give a counterexample:

o oo
(a) If an converges, then Zb% must converge.

n=1 n=1
¢] oo

(b) If Z |bn| converges, then Z |ban| must converge.
n=1 n=1

Let X7 and X5 be elements of a scalar product space.

(a) If X7 L Xo, prove that || X; —aXs|| < || X1| for any real number a.
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(b) Prove the converse, that is, if || X7 — aXa| < || X1]| for every real number a,
then X; L Xo. [Hint: After your first approach has failed, try looking at the
problem geometrically. How would you pick a to minimize the left side of the
inequality?].

41. Let S, = a1+ as+ -+ a,, where a, — 0 as n — oco. Prove that S,, converges if
and only if Sy, = a1 +ag+-- -+ az,—1 + ag, converges (one could also use Ss, etc.).

o0
1
42. Show that the error in approximating the series E —- by the first N terms is less
n

n=1

than N~ V-1,

43. A sample “multiplication” for points X = (z1,72,23) and Y = (y1,v2,%3) in R3 is
to define

X OY = (z1y2, 22y2, £3Y3).

Define a multiplicative identity by yourself. Using these definitions for the multiplica-
tive structure and the usual rules for the additive structure, show that the resulting
algebraic object is not a field.

44. (a) Assume a, >0 and b, > 0. Prove that Z(a, +by,) converges if and only if the
series Za, and /b, both converge.

(b) What if you allow the b, ’s to be negative?

1

45. (a) Show that the vectors e; = (%, %), €2 = (ﬁ’ —%) form an orthonormal basis

for E2.
(b) Write the vector X = (7,—3) in the form X = aje; + azey, using the scalar

product to find a; and ay (don’t solve linear equations).

46. Consider the linear space Py as a subspace of L3|0, 1].

(a) If p(z) =1— 2%, compute ||p| .
(b) Find the orthonormal basis for AL, where A =span{2+x}.
(c) Find the polynomial ¢ € P2 such that

(p, ) =p(1) forall pe Py,

that is, the same ¢ should work for all p’s.

47. Give formal proofs for the following (trivial) properties of a norm on a linear space.
Only the axioms may be used.

(a) || —XI[ = [X]]

(b) [X =Y[ =Y -X|

() IX+Y[=[X]—[Y]

(d) |IX1+ Xo+ -+ Xl < | Xa]| + | X2l 4+ - + || Xn|l (I suggest induction here).
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48. Consider R? with the norms || |1, | |2, and || |-

(a)
(b)

Draw a sketch of R? indicating the unit ball for each of these three norms. (The
ball may not turn out to be “round”).

Which of these three linear spaces have the following property: “given any sub-
space M and a point Xy not in M , then there is a unique point on M which
is closest to M .”

49. Are the following scalar products the set of functions continuous on [a,b] ? Proof or
counterexample.

50.

51.

52.

(a)
(b)

(a)

(b)

b b
o0 = ( / f() da)( / o(r) dz)
b b
Fogl = ( / (@) de)( / l9(2)] dz)

Let dimV =n and {Xi,...,X, } € V. Prove that { X;,..., X, } are linearly
independent if and only if they span V' (so in either case, they form a basis for
V).

Let {e1,...,e,} be an orthonormal set of vectors for an inner product space

H . Prove this set of vectors is a complete orthonormal set for H if and only if
n=dimH .

Prove that dimV = largest possible number of linearly independent vectors in
V.

Let X and Y be any two elements in an inner product space. Prove that the
parallelogram law holds

IX + Y|P+ 11X = Y[ =2 X]* + 2] Y||?

(cf. page 192, Ex. 9).

Consider the set of continuous functions on [0, 1] with the uniform norm, ||f||cc =l
maxo<z<1 |f(x)|. Show that this norm cannot arise from an inner product, i.e.
there is no inner product such that for all f, || f|lcc = /{(f, f). [Hint: If there
were, the relationship of part a would hold between the norms of various ele-
ments. Show that relationship does not, in fact, hold for the function f(z) =1
and g(z) =z].

Let H be a finite dimensional inner product space and ¢(X) a linear functional
defined for all X € H. Show that there is a fixed vector Xg € H such that

0(X) = (X, Xo) forall X e H.

This shows that every linear functional can be represented simply as the result
of taking the inner product with some vector Xy. [Hint: First pick a basis
{e1,...,en} for H and let ¢; = {(e,). Now use the fact that the e;’s are a
basis and that ¢ is linear].
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(b) Consider the linear space Py with the L[0,1] inner product. This gives an
inner product space H .

(i) Show that £(p) = p(%

(ii) Find a polynomial py such that ¢(p) = (p, pg) for all p € H.

) is a linear functional.

53. Consider the set S of pairs of real numbers X = (z1,x2). Define
X+Y =(x1+y1,z2+y2), aX = (axy,z2).

Is S, with this definition of vector addition and multiplication by scalars, a vector
space?

54. By inspection, place suitable restrictions on the contents a,b,c,--- in order to make
the following operator linear:
d3u

d*u du
_ 2 2 ~
Tu_a[dx3] + bz dx2+cudx+eu+f81nu+g.

55. Consider the operator D = % on the linear space P, of all polynomials of degree
less than or equal to n. Find R(D) and N(D) as well as dimR(D) and dimN(D) .

56. Let
1 =2 30 2
A=1(2 0 |, B—<_21 (1) _02>, and C=[1 4 -1
3 1 0 -2 0

Compute all of the following products which make sense:

AB, BA, AC, CA, BC, CB, A2, B%, C?, ABC,CAB.

57. Consider the mapping A : R* — R3 which is defined by the matrix

1 -1 1 1
A=12 1 1 4
0 -3 1 -2

(a) Find bases for N(A) and R(A).
(b) Compute dimN(A) and dimR(A).

58. Let A be a square matrix. Consider the system of linear algebraic equations
AX =Y,

where Y is a fixed vector. Assume these equations have two distinct solutions X3
and XQ,
AX1 =Yy, AXy=Y, Xi# X

(a) Find a third solution X3 .
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(b) Does there exist a vector Y7 such that the equations
AX =Y

have no solutions? Why?
(c) det A =7

59. Let @ be a parallelepiped in E" whose vertices X}, are at points with integer coor-
dinates,
Xy = (a1k, agk, - ank), @i integers.

Prove that the volume of () is an integer.

60. Let A and B be self-adjoint matrices. Prove that their product AB is self-adjoint
if and only if AB = BA.

61. Solve the following initial value problems.

—~
&

u” + 8u' + 16u = 0, u(0) = 3, v/(0) =0
/

)
(b) v+ 10u' + 16u = 0, uw(0) =1, ¥/(0) = 2
(c) v +64u =0, u(0) = 1, v'(0) =1
(d) v +4u +5u=0, u(0) =2, v/(0) = -1
(e) 2u” 4 6u' + 5u =0, u(0) =0, u/(0) = -2
(f) 4u” —4u' 4+ u =0, u(l)=-1,4'(1) =0
(g) u’ +8u' + 16u = 2, u(0) = 3, u/(0) =0
(h) " 4 8u' + 16u = t, u(0) = 3, u/(0) =0
(i) v +8u' 4+ 16u=1t—2, u(0) =0, v/(0) =0
(G) u" +8u +16u =1t —2, u(0) = 3, w'(0) =0
(k) u” +10u + 16u = ¢, u(0) =1, 4/ (0) =2
(1) v’ + 64u = 64, u(0) = 1, u'(0) =2
(m) u” + 64u =t — 64, u(0) =3, u(0) =0
(n) 2u” + 6u + 5u = t2, u(0) =0, v/(0) = —2

62. (The complex numbers as matrices).

(a) Show that the set of matrices
a —b
C={ (b a > : aand bare real numbers }

is a field.

(b) Find a map ¢ : C — complex numbers such that ¢ is bijective and such that
forall A,BeC

(i) »(A+B)=9(A) + ¢(B)
(ii) »(AB) = p(A)p(B).
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63. (Quaternions as matrices). A definition: A division ring is an algebraic object which
satisfies all of the field axioms except commutativity of multiplication.

(a)

64. Let

(e)

Show that the set of matrices

Q=1 (5} _zw> : z,w are complex numbers }

form a division ring with the usual definitions of additions and multiplication for
matrices.

If we write z =x + iy, w = u + iv where ¢ =+/—1 and z,y,u, and v are real
numbers, then ) can be considered as a vector space over the reals with basis

O IR O IR (s IS ()

Compute i2,j2,k?,ij, jk, ki, ji,kj, and ik. (The set @ is called the quater-
nions).

2 -3 1 0
A= 83 ; ;

0 0 0 2
Find det A.
Find A,

2

Solve AX =Y , where Y = z

—16
Let L :P3 — P3 be the linear operator defined by

, du

Lp =p" —3p’ + 2p, W—%)

Find the matrix e’e for L with respect to the following basis for Ps

z? 3

2 )

[
—
—~
8
SN—
I
—_
D
[\
—
8
S~—
I
s
D
w
—~
8
~—
Il
Y
Ny
—~
8
S~—
I

Use the above results to find a solution of

Lu:2+8$+4x2—§x3.

[Hint: Express the right side in the basis of part d.].

65. Let H be an inner product space, and suppose that A is a symmetric operator,
Ax = A, with the additional property that A% = A. Show that there exist two
subspaces V7 and Vo of H with all of the following properties



396 CHAPTER 10. MISCELLANEOUS SUPPLEMENTARY PROBLEMS

(i
(ii

(iii

) Vi LVa

) If X €Vi,then AX =X
) If Y € Vo, then AY =0
)

(iv) If Z € H, then Z can be written uniquely as Z = X +Y where X € V} and
Yels.

66. (a) Find the inverse of the matrix

0 -1 -1
(b) Use the result of a) to solve AX =0b for X where b= (7,-3,2).

67. Let A and B be 2 x 2 positive definite matrices with det A = det B. Prove that
det(A—B) <0.

68. Let L :V; — V5 be a linear operator with LX; =Y; and LXs =Y5. Give a proof
or counterexample to each of the following assertions:

(a) If X; and Xs are linearly independent, then Y; and Y2 must be linearly
independent.

(b) If Y7 and Y are linearly independent, then X; and X2 must be linearly

independent.
69. Let po,p1,p2,,... be an orthogonal set of polynomials in [a,b] where p, has degree
n.
(a) Prove that p, is orthogonal to 1,z,22%,... 2" 1.

(b) Prove that p, is orthogonal to any polynomial ¢ of degree less than n.

(c) Prove that p, has exactly n distinct real zeros in (a,b). [Hint: Let ai,..., oz
be the places in (a,b) where p,(x) changes sign, so p(x) = r(z)(z — a1)(z —
ag)...(x — ag) where r(x) is a polynomial of degree n — k which does not
change sign for = in (a,b), say r(x) > 0. Show that

b
/ p(x)(z — 1) (z — ag) dz > 0.
If k£ <n, show that this contradicts the result of part b).].

70. Consider the system of inhomogeneous equations

axy + -+ amx, = b,

g1 + -+ ATy = by



71.

72.

73.

74.

75.

76.

e
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Let A = ((a;j)) and let A, denote the augmented matriz

ailr - aip b

ag1 -+ Okn bn

formed by adding the b;’s as an extra column to A. Prove that the given system of
equations has a solution if and only if dimR(A) = dimR(A4) .

Let A be an n X n matrix.

(a) Show that you can not solve the equation

A? =]
if n is odd.
(b) Find a 2 x 2 matrix A such that A% = —1T.
(c) If n is even, find an n x n matrix A such that A? = —1T.

Let A bean nxn matrix such that A% = I'. Prove that dim R(A+1)+dim R(A—1) =
n.

Let f(z,y) = (y — 22%)(y — 2?). Show that the origin is a critical point. Then
show that if you approach the origin along a straight line, the origin appears to be
a minimum. On the other hand, show that if curved paths are also used, then the
origin is a saddle point of f. [The point of this exercise is to illustrate the fact that
the nature of a critical point cannot be determined by merely approaching it along
straight lines].

(a) Let A be a diagonal matrix, no two of whose diagonal elements are the same.
If B is another matrix and AB = BA, prove that B is also diagonal.

(b) Let A be a diagonal matrix, B a matrix with at least one zero-free column
and with the further property that AB = BA. Prove that all of the diagonal
elements of A are equal.

\a
(a) If Zan converges, where a, > 0, prove that Z—n converges if p > %

npb
[Hint: Schwarz].

1

(b) Find an example showing that the series may diverge if p = 5.

Let [X,Y] be an inner product on R with basis vectors ey, e, e3, not necessarily
orthonormal. Let a;; = [e;, €] . Prove that the quadratic form

3 3

QX) = Z Z Qi TiT;

i=1 j=1
is positive definite.

If A is self-adjoint and AX = A\ X, AY =AY with Ay # A9, prove that X 1 Y.
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78.

79.

80.

81.

82.

83.

84.

85.
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Let S be a positive definite matrix. Prove that detS > 0. [Hint: Consider the
matrix A(t) =tS+ (1 —t)I, where 0 <¢ < 1. Show that A(t) is positive definite,
so det A(t) # 0. Then use the fact that A(0) = I and A(1) = S to obtain the
conclusion].

Consider the linear space of infinite sequences
X = (x1,x2,23,--+)
with the usual addition. Define the linear operator S (the right shift operator) by
SX = (0,21, 22,23, ")
(a) Does S have a left inverse? If so, what is it?

(b) Does S have a right inverse? If so, what is it?

Find a right inverse for the matrix

Can A have a left inverse? Why?

Which of the following statements are true for all square matrices A? Proof or
counterexample.

(a) If A2=1,then detA=1.
= A, then det A=1.
b) If A2 = A, then det A
(c) If A2=0, then det A =0
=1 — A, then det =1—-detA.
d) If A2=1— A, then det A* det A

Let L be a linear operator on an inner product space H with inner product <,>.
Define
[X,Y]=(LX, LY).

Under what further condition(s) on L is [X,Y] an inner product too?
Let L : H — H be an invertible transformation on the inner product space H . If

L “preserves orthogonality” in the sense that X 1 Y implies LX 1 LY , prove that
there is a constant « such that R = aL is an orthogonal transformation.

Let H be an inner product space. If the vectors X; and Xy are at opposite ends of
a diameter of the sphere of radius r about the origin, and if Y is any other point on
that sphere, prove that Y — X3 is perpendicular to Y — X5, proving that an angle
inscribed in a hemisphere is a right angle.

If L is skew-adjoint, Lx = —L , prove that

(X, LX)=0 forallX.
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Let D, be a m x n matrix with z on the main diagonal and 1’s on both the sub-
and super-diagonals, so

Lo zr 1 0 0
.1 x 1 2z 1 0
Do= (T ) Ds=|1 @ 1|, Di= » Ds=
r 01 x 0 1 « 1
0 0 1 =z
— al p— .(+1)6
If © =2cosf, prove that detDn—%

Let A and B be square matrices of the same size. If I — AB is invertible, prove
that I — BA is also invertible by exhibiting a formula for its inverse.

Assume ) a,, converges, where a, > 0. Does the series

§ VanGn+1
also converge? Proof or counterexample.

Let A be a square matrix.

(a) Prove that AA* is self-adjoint.

(b) Is AA* always equal to A*A? Proof or counterexample.

Show that C[0, 1] is a direct sum of the space V} spanned by e(x) =z and ex(x) =

x* | and the subspace V3 of all functions ¢(z) such that

1 1
0:/ zo(x) de, 0:/ zto(z) de.
0 0

[Hint: Show that if f € [0,1], there are unique constants a and b such that g(z) =
f(x) — [ax 4 bx*] belongs to V5 ].

Let Vi be the linear space of all complex-valued analytic functions in the open unit
disc, that is, Vi consists of all complex-valued functions f of the complex variable
z which have convergent power series expansions

flz) = Z anz"
0

in the open disc, |z| <1.

Let V4 be the linear space of all sequences of complex numbers ( ag, a1, az,--- ) with
the natural definition of addition and multiplication by constants.

Define L : Vi — Vo by the rule
Lf - (a07a17a27 Tt )7

where the a;’s are the Taylor series coefficients of f. Answer the following questions
with a proof or counterexample.
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(a) Is L injective?
(b) Is L surjective?
(c) Is £o contained in R(L)? (Note: ¢y is the subspace of Vo such that

o
> arl* < o).
k=0

92. Do the following series converge or diverge?

@Y Vi+i/mn, B (V1+1/n2-1).
n=1 n=1

93. Consider the set of four operators {717,7%,73,74} defined as follows on the set of
square invertible matrices.

1A= A, ThbA=A""1
T3A = A*, T4A = (Ail)*.

Show that this set of four operators forms a commutative group with the group oper-
ation being ordinary operator multiplication.

94. Let S, =a1—as+az3—ag+as—---. If 0 <ap and the a’s are increasing, prove
that |Sy| <apn.

95. The Monge-Ampere equation is Uz Uyy — uiy = 0. Show that it is satisfied by any
u(z,y) € C? of the form wu(zx,y) = ¢(ax + by), where a and b are constants.

96. (a) Consider the differential operator
Lu=u"—4u

(i) Find a basis for the nullspace of L.

(ii) Find a particular solution of Lu = e***+1,

(iii) Find the general solution of Lu = e***1,

(b) Consider the differential operator
Lu=u"+4u
Repeat part (a), only here use Lu = f, where f(x)=sec2x.

97. Find the general solution for each of the following

(a) 2u” +5u —3u=0
(b) v —6u +9u=0
() v —4u +5u=0
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Find the first four non-zero terms in the series solution of
4oy — 4z + (3 — 42H)u =0

corresponding to the largest root of the indicial equation. Where does the series
converge?

Find the complete solution of each of the following equations valid near x = 0 by
using power series.

(a) 2% +azu — (22 — Hu=0
(b) v+ 2zu' —u =0 (only first five non-zero terms)

[Answers:

© 2k o0 2k
— p—1)2 x 1/2 z
(a) u(z) = Az Z 2h)! + Bz Z k1)
k=0 k=0

(b) w(z) = Az + B(1 4% — 2 4322 _152% 4y

Consider the matrix

-1 -4 -12 0

1 3 6 0

A= 0O 0 -1 0
0 —4 -—-12 1

(a) Compute det A.
(b) Compute A~!.
(c) Solve AX =b where b= (1,2,3,—-1).

True or false. Justify your response if you believe the statement is false (a counterex-
ample is adequate).

(a) Theset A= {X €R3: 21 =2} is a linear subspace of R3.
(b) The vectors X7 = (2,4) and X5 = (—2,4) span R?.

(c) The vectors X1 = (1,2,3), Xo = (—7,3,2), X3 =(2,—1,1), and X4 = (m,e,b5)
are linearly independent.

(d) The set A = {u € C[0,1]: u(x) = a1z + age®} is an infinite dimensional
subspace of C10,1].

(e) The functions fi(z) = x and fa(z) = €® are linearly dependent functions in
Clo,1].

(f) If {e1,e2,...,e, } are an orthonormal set of vectors in E®, then n < 7.

(g) The vector Y = (1,2,3) is orthogonal to the subspace of E3 spanned by e; =
(0,3,—2) and es = (—1,—1,1).
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The elements of the set
A={uecC?0,10): v + zu’ — 3u = 6z}
can be represented as u(z) = @(x) + 2%, where
i€ S={uecC?0,10]: v’ +zu—3x=0}.

The set of vectors €1 = (%’ 0’ %’ _%)’ €2 = (0’ 0’ %’ %)’ and €3 = (%? %7 _%’ %)
constitute a complete orthonormal basis for E*.

In the vector space of bounded functions f(z), x € [0, 1], the functions

,0o<z<1i r<i
= = ’ - - 2 — - — 2
Ale) =1, fal) {0,§<x§1 fa(@) {1,;<x§1
are linearly independent.

The function f(z) = |z| can be represented by a convergent Taylor series about
the point zg = 0.

The function f(z) = 22 — 2™ can be represented by a convergent Taylor series
about the point zg = —1.

The function f(z) = |z| can be represented by a convergent Taylor series about
the point zg = —1.

The plane of all points (1, 29,3, 24) € E* such that
21’1 — 41’2 + 61’3 — 51‘4 =7

is perpendicular to the vector (2,—4,6,—5).

If e; = (%,%) and ey = (%,—%), then X = (—1,2) can be written as X =
261 — €.

The set of all integers (positive, negative, and zero) is a field.

Consider the infinite series
oo
S
k=0
If liir% |ax| = 0, then the series must converge.
Let {a,} be a sequence of rational numbers. If this sequence converges to a,
then the limiting value, a, must be a rational number too.

The equation 2% +3 = 0, where z is an element of an ordered field, has no
solutions.

It is possible to write v/7 in the form a + ib, where @ and b are real numbers.
(Here i = /—1, of course).

Let a, be a sequence of complex numbers. If the sequence of absolute values,
|ay|, converges, then the sequence a,, must converge.

If
o0
> ast
k=0

converges at the point z = 3, then it must converge at z =1-+14.
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(w) The linear subspace A = {p € P7: p(z) = a1z + a2’} is a five dimensional
subspace of P7.

(x) The linear subspace A = {u € C[-1,1]: u(x) = a1x + a2’} is an infinite
dimensional subspace of C[—1,1].

(y) There is a number « such that the vectors X = (1,1,1) and Y = (1,a,a?)
form a basis for R3.

(z) The operator T : C* — C! defined for u € C? by Tu = v/ — Tu is a linear
operator.

(a) The operator T : C[0,1] — R defined for u € C|0, 1] by

T = /01 u(z)| do

is a linear operator.
(b) The sequence (1 + i)™ converges to /2.

(¢) The series

converges.
(d) If ¢ is real, then || =1.

(e) Let V4 and V5 be linear spaces and let the operator T map V; into Vo. If
T0 =0, then T is a linear operator.

(f) The operator T : C*°[-7,13] — C*°[-7,13] defined by

du
Tu =u—
u=u T

is linear.

(g) The operator T : C|0,13] — C[0, 13] defined by
(Tu)(z) :/ u(t)sintdt, x € ]0,13]
0

is linear

(h) In the scalar product space Ls[0,1], the functions f and g whose graphs are

| A FIGURE GOES HERE |

are orthogonal.

(i) Let L be a linear operator. IF LX; =Y and LXs =Y, where X; # X3, then
the solution of the homogeneous equation LX = 0 is not unique.

(j) Let L be a linear operator. If X; and Xy are solutions of LX = 0, then
3X1 — 7X9 is also a solution of LX =0.
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(k) Let e; = (1,1) and es = (0,1), and let the linear operator L which maps R?
into R3 satisfy
Ley = (1,2,3), Les=(1,-2,—1).
Then L(2,3) =(1,1,1).

(1) In the space L3[0,1], if f is orthogonal to the function x?, then either f =0
or else f must be positive somewhere in [0, 1].

(m) If F'(X)=(2,3,4) for all X € E3, then F is an affine mapping.

(n) If f:E3 — E! is such that f:(1,0,0) — 1 and f : (0,4,0) — 2, there is a
point Z € E? such that [|f/(Z)|| > 2.

(o) Let A and B be square matrices with det A =7 and det B = 3. Then

det AB = 10. det(A + B) = 10.

2 31
=15 2)
then dimN(A4) = 2.

(q) The function f(x,y,z) =9+ 3z + 4y — 7z does not take on its maximum value.

(p) If A:R?® — R? is given by

(r) If the function w(z) has two derivatives in some neighborhood of =z = 0, and
satisfies the differential equation

922" — 28u = 0,

then «(0) =0.
(s) There are constants a,b and ¢ such that the function u(x) = e + 2€%* — ¢
is a solution of
au” +bu' + cu = 0.
(t) The vector (zy,z) is the derivative of some real-valued function f(z,vy).
(u) The vector (y,x) is not the derivative of some real-valued function f(z,vy).

(v) Given any ¢ x p matrix A = ((a;;(X))), where X = (x1,---,z,) and where
the elements a;;(X) are sufficiently differentiable functions, then there is a map
F :RP — RY such that F/(X)=A.

(w) If A is a square matrix and A%2 = A, then A=1.
(x) If A is a square matrix and A% =0, then A=0.
(y) If A is a square matrix and det A # 0, then A? = A if and only if A=1.
(z) If X,Y, and Z are three linearly independent vectors, then X +Y, Y + 7,
and X + Z are also linearly independent.
103. Define L : Py — Py as follows: if p € Py

dp

Lp:(x—i-l)dx

(a) Find the matrix (L. representing the operator L with respect to the bases
e1 =1, eg =1, eg = 2% for Ps.
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(b) Is L an invertible operator? Why?
(¢) Find dimR(L) and dimN(L).

) D)

1
2 2

104. Let

(a) Compute AA* ABA*, and (ABA*)!0.

(b) How could you use the result of part (a) to compute B!00?

105. Consider the following system of three equations as a linear map L : R? — R?
r1+x2 =1
41 4+ 22 = Y2
T1 — 2w2 = Y3

(a) Find a basis for N(L*).

(b) Use the result of part a) to determine the value(s) of a such that Y = (1,2, «a)
is in R(L).

106. Find the unique solution to each of the following initial value problems.

a) v +u —2u=0, u(0) =3,
(a)

(b) "+ 4u' + 4u =0, u(0
(c) v’ —2u +5u=0, u

107. Consider the special second order inhomogeneous constant coefficient O.D.E. Lu = f,
where
Lu =" — 4u,
and where f is assumed to be a suitably differentiable function which is periodic with
period 27, f(x 4 2m) = f(x).

(a) Expand f in its Fourier series and seek a candidate, u, for a solution of Lu = f
as a Fourier series, showing how the Fourier coefficients of u are determined by
the Fourier coefficients of f .

(b) Apply the above procedure to the trivial example where

f(z) =sin3x — 4 cos 17z 4 3 sin 36z.

108. (a) Find the directional derivative of the function

flz,y)=2—x+ay

at the point (0,6) in the direction (3,—4) by using the definition of the direc-
tional derivative as a limit. Check your answer by using the short method.
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(b) Repeat part (a) for f(x,y) =1—-3y+zy.

109. Find and classify the critical points of the following functions.

(a) flz,y) =2°+y* 3z -2y +2
(b) f(z,y) =22 -4z +y*> -2y +6
(¢) flz,y) = (2 +y°)* - 8y°

(d) f(z,y) = (2> —y*)* — 8y°

(e) flz,y) = (2% —y?)?

(f) flz,y) =2 —2zy + Ly — 3y

110. Consider the function 3+ y? — 3z — 2y + 2. At the point (2,1) find the direction
in which the directional derivative is greatest. Find the direction where it is least.

111. Let f : E? — E be a suitably differentiable function and let X (t) be the equation
of a smooth curve C in E? on which f is identically constant, say, f(X(t)) = 4.
Show that on this curve, f’ is perpendicular to the velocity vector X'(¢). [Hint: Do
something to ¢(t) = f(X(t)). The proof takes but one line.].

112. Consider the following statements concerning a function f:E" — E.

(A) f is continuous.

(B) f has a total derivative everywhere.

(C) f has first order partial derivatives everywhere.

(D) f has a total derivative everywhere which is continuous everywhere.

(E) f has first order partial derivatives everywhere and they are continuous functions

everywhere.
(F) f is an affine function.

@) f'=o.

(a) Which of these statements always imply which others. A sample (possibly incor-
rect) answer might look like

(A)= B,F,---
(B)=A,---
(b) Find examples illustrating each case where a given statement does not imply
another (the Exercises, pp. 588-95, contain the required examples).
113. Solve the following ordinary differential equations subject to the given auxiliary con-
ditions

(a) v —u' —6u=0, u(0) =0, «(0)=5
(b) zu' +u=e""1, u(l) =2

(¢) v —6u' + 10u =0, general solution.
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114. (a) If u(z,y,t) = ze®™ + 1, while = 1 — 3 and y = logt?, then let w(t) =
w(z(t), y(t), t). Find 42 at t=1.

(b) If F:E?* —E? and G :E? — E? are defined by

F(X) = (23:1 — 22 + vox3 + 1> GY) = (yl + Yo siny1>
23— 2%+ 19 ’ —3y1y2 +y3 )’

(i) Why doesn’t F' oG make sense?
(ii) Compute [G o F] at the point Xy = (0,1,0).

115. Let F =E? — E? and G : E> — E? be defined by
w+z2 2 3
e _frt+sT+t
F(w,z) = <€Z+w2> G(r,s,t) = <s+t2 +7“3> )
(a) Find F’" and G'.
(b) Which of FFoG or G o F makes sense?

)

)
(¢) If G o F makes sense, compute (Go F) at (—1,—1).
(d) If F oG makes sense, compute (FoG) at (—1,0,0).

116. Let F': X — Y and G:Y — Z be defined by

F{ Y1 :x2_6$1+21’2 G{ w1:y2—|—y25iny1
Y2 = T1T2 wy = (y1 + 92)2

(a) Compute F' at Xo=(-2,1) and G’ at Yy = F(Xp).
(b) Let H=GoF. Compute H at Xo=(-2,1).

117. Consider the map F :E? — E3 defined by
h(zy) =y+e
F: ¢ folz,y) =sin(z — 2y + 1)
fa(w,y) =z — 32% + y?
(a) Find the tangent map at the point Xy = (1,1).
(b) Use the result of part (a) to evaluate approximately F' at X; = (1.1,.9).

118. Consider the system of O.D.E.’s

v = au
v = au — P,

where a and [ are constants. If u(0) = A and v(0) = B,

(a) Find wu(t).

(b) Find v(t) (remember to consider the case o = (3 separately).
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119.

120.

121.

122.

123.

CHAPTER 10. MISCELLANEOUS SUPPLEMENTARY PROBLEMS

(a) Consider the homogeneous equation
v +a(t)u =0,

where a(t) is continuous and periodic with period P, so a(t + P) = a(t).

(i) If a(t) = 1, show that there is no non-trivial periodic solution by merely
solving the equation.

(ii) If a(t) = cost, show (again by solving the equation) that there is a periodic
solution w(t) with period 27 .

(iii) In general, if w(t) is a solution, not necessarily periodic, show that v(t) =
u(t + P) is also a solution.

(iv) Show that the homogeneous equation has a non-trivial periodic solution of
period P if and only if b

/ a(t)dt =0
0

(b) Consider the inhomogeneous equation
u+a(t)u = f(t),
where both a(t) and f(t) are continuous and periodic with period P.
(i) If / Pa(t) dt = K # 0, show that the inhomogeneous equation has one and
onlyoone periodic solution with period P .
(ii) If /0 Pa(t) dt =0, find a necessary condition on f that the inhomogeneous

equation have a periodic solution with period P.

Let f:E"™ — E be a differentiable function and denote the directional derivative in
the direction of the unit vector e by D.f. Prove that D_.f = —D.f.

Let f:E"™ — E be of the form f(ayz1 + ...+ apx,). Write a = (a1, -+ ,a,) and
B = (b1, - ,by,). If B is perpendicular to a, prove that 5 L f’.

Let R denote the rectangle 0 < z; < 2w, 0 < x9 < 27, and define the map
f:R—E! by
f(z1,22) = (34 2cosxa) sinxy

Find and classify the critical points of f. (This function is the height function of a
torus with major radius 3 and minor radius 2).

Consider the constant coeflicient differential operator
Lu=au" +bu' +cu, (a,b,c real, a#0.)
Let A\; and A2 denote the roots of the characteristic polynomial p(\) = aA2+b\+c.

(a) If A1 # A2, find a formula for a particular solution of Lu = f.

1 x
- / (M@0 0] £(p) d.

[Answer: up(z)
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125.

126.

127.
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(b) If A\; is complex, say, A\ = a + i3, then Ay = A\; = a — (. Show that in this
case, the above formula simplifies to

() = ; / " o= gin 8o — 1) £ (1) dt.

(¢) If Ay = A2, find a formula for a particular solution of Lu = f.

[Answer: up(z) = /$($ —1)eMED (1) dt].

Consider // fdA where D is the triangle with vertices at (—1,1), (0,0), and
D
(3,1).

(a) Set up the iterated integrals in two ways.

(b) Evaluate one of the integrals in (a) for the integrand

flz,y) = (z +y)*

When a double integral was set up for the mass M of a certain plate with density
f(z,y), the following sum of iterated integrals was obtained

M=/12</:3 f<x,y>dy>dw+/28</:f<x,y>dy>dx.

(a) Sketch the domain of integration and express M as an iterated integral in which
the order of integration is reversed.

(b) Evaluate M if
flz,y) = \/; :

8

1,1
Evaluate / / 2¥drdy.
0o Jo

It is difficult to evaluate the integral I = // fdA, where f(z,y)= ﬁ and D
D
is the indicated rectangle. However, you can show that (trivially)
1 3
5 <I <3,

Please do so.
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128. Consider the integral I = [[, fdA, where

3
=

and D is the domain inside the curve 2% + y* = 16. Show that
22 < I <6.

[Hint: Show that i <f< % in D. Then approximate the area of D by an inscribed
and circumscribed square. For the record, it turns out that I = % ln(%) , where A

is the

2.1
— (32
area 1(4)]

129. (a) Find the derivative matrix for the following mappings Y = F(X) at the given
point Xj.

2 :
(i) F:{yl_Ucﬁs’m"flx2 at  Xo = (0,0)

Yo = x% + coszixo

Yy = x% + x3e™? — x%’

Yo = o1 — 3x2 + T1 logxs
Y3 = T2 + T3
Y4 = fr11273

(b) Find the equation of the tangent plane to the above surfaces at the given point.

(i) F: at  Xo=(2,0,1)

130. Consider the following map F from E? — E?, the familiar change of variables from
polar to rectangular coordinates.

F- Y1 = X1 COS T2
"\ yo = ysinz?

(a) Find the images of

(i) the semi-infinite strip 1 < z; < oo, 0 <z

IA IA
g1

(ii) the semi-infinite strip 0 < z1 < oo, 0 < x9
(b) Compute F’ and det F”.

131. Given that wu,(z) = € + e72* — 2¢%/2 is a solution of
au” + bu' + cu = e,
find the constants a,b, and c.

132. Evaluate the determinants of the following matrices.

11 1 1 1 1 gy 2z t

1 -1 1 -1 2 2ty

(a) M) [w? 22 0 0 0
1 -1 -1 1 s s

11 -1 1 w? x> 0 0 O

wt 24 0 0 0
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133. For what value(s) of z is the following matrix invertible?

11 1 1
1 2 22 23
1 3 32 33
1 = 22 23

(Hint: Observe that the determinant is a cubic polynomial all of whose roots are
obvious).

" sinkx " sinrx
134. Let f(x) =) ar——— and g(z) =) b——mn-.
; ' Z_; a

By direct integration prove that

T n

f@)g(z)de =" asb;.
. ~

After you are done, compare with Theorem 15, page 206-7 and its proof.

135. Let

S O ==
SO O

(a) Find det A.

(b) Find A7L.
2
(c) Solve AX =Y, where ¥ = ?
3

(d) Let S ={u:u(z)=ae®+be” +csinx +dcosz }, where a,b,c, and d are any
real numbers, and define a linear operator L : S — S by the rule

Lu=u"—u +u.
Find the matrix L. for L with respect to the following basis for S':
e1(z) = xe”, ea(x) =z, e3(x) = sinz, eq(x) = cosx.
(e) Use the above results to find a solution of

Lu = 2ze® + 2€” +sinx + 3 cos x.

136. Let w; and wy be solutions of the homogeneous equation

Lu = as(x)u” + ay(2)u’ + ap(z)u = 0.
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(a) Show that W(x) = W(u1,us2)(x), the Wronskian of w; and wus satisfies the
differential equation

(b) Find the equation of (a) for the particular operator
Lu = 2°u" — 22zu’ + 2u

and solve it for W under the condition that W (1) =1.

(¢) Given that uj(z) = x is a solution of Lu = 0 for the operator of part (b), use
the result of (b) to show that if ug is another solution of Lu = 0, then wug

satisfies the equation

/
Uy — —Uy = T,
T

provided that W (z,uz)(1) =1.

(d) Solve the equation of part (c) under the assumption that us(1) = 1, and thus
find a second independent solution of the equation Lu = 0 for the operator of
part (b).

(e) Generalize the idea of parts (c) - (d) by stating and proving some theorem.

137. Here are some linear transformations defined in terms of matrices. In each case,
describe geometrically what the transformation does, by computing the images of the
three parallelograms

Q1 : with vertices at (0,0),(2,0),(3,1),(1,1).
Q2 : with vertices at (1,2),(3,2), (4,3),(2,3).
Qs : with vertices at (1,0),(0,2),(—1,0), (0

|
Y
N

(a) Diagonal Maps (Stretchings)
(o)) =G0 (09
b0 () (Y
(6 Be(Y ()

(Remember to consider negative values of a and b).

(b) Maps with 0 on the diagonal.

01 0 a 0 0
Ll - (0 0)7 L2 - <O 0)7 L3 - <_1 0)7

01 0 a 0 a
w=(io) m-(10) w-(3)
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(¢) Upper Triangular Matrices.

1 1 1 -1 1 1
L1:(0 1), ng(o 1), L3:(0 _1),

1 a -1 -1 a 1
u=(o ) m=(o W) w=(4)

(d) Orthogonal Matrices (Rotations and Reflections).

0 -1 3 4 -7
2 =5 5 V2

ity
v

138. Let a and b be real numbers such that a? + b2 = 1. Let

139.

140.

141.

142.

143.

a? — b2 2ab a® ab
S_< 2ab b2—a2>’ P—<ab b2>’

and let e; = (a,b), e2 = (—b,a),so ey L es. Show that

(a) Se; = ey, Pey =€

(b) Sey = —eo, Pey =0

(c) S? = P2=P

(d) Show that S can be interpreted as the reflection which leaves the line through

ey fixed, and that P can be interpreted as the projection onto the line through
e1 parallel to es.

(a) Consider the following relation defined on the set of all integers: nRm if n and
m are both even integers. Verify that this relation is symmetric and transitive -
but not reflexive (since, for example, 1R1).

(b) Let R be a symmetric and transitive relation defined on a set A. If, given any
element = in A, there is some element y related to it, xRy, prove that the
relation R is also reflexive. (The example in part (a) shows that the assertion
will be false if some element is related to no others).

Let a, be a decreasing sequence of positive real numbers which satisfy a,_1a,11 <
a. If Za,ll/ " converges, prove that > o converges too. [Hint: Show that

n

(an/an—l)l/n <ap ]

(a) Prove that the series Y. a,z" and > a22" have the same radii of convergence.

(b) Prove that the series 3 a,2" and Y (a,)®™, where k > 0, have the same radii
of convergence.

Let V' be a linear space and L an invertible linear map, L:V — V. If {e1,...,e,}
is a basis for V', prove that its image { Ley, Les, ..., Le, } is also a basis for V.

Let H be an inner product space and R an orthogonal transformation, R : H —
H. If {e,...,e,} is a complete orthonormal set for H, prove that its image
{ Rei,...,Re, } is also a complete orthonormal set for H .
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144. (a) Let R be an orthogonal matrix and let p; and ps be any two of its column
vectors. Prove that p; L ps. Prove that any two rows of an orthogonal matrix
are also orthogonal to each other.

(b) Conversely, let A be a square matrix whose column vectors are orthogonal. Must
A be an orthogonal matrix? Proof or counterexample.

145. Let H be an inner product space and A the subspace of H spanned by the vectors

X1,..., X, . The Gram determinant of those vectors is defined as
(X1, X1) - (X, X1)
<X17 X2> .
G(Xla >Xn) = .
<X1a Xn> e <XTL7 Xn>

(a) Prove that Xi,---, X, arelinearly dependent if and only if G(X1,---,X,,) =0.
[Suggestion: If Z € A, then Z = a1 X3 +---a,X,, , where the scalars aq,--- ,a,
are to be found. This can be done in two ways, by Theorem 31, page 428, or by
solving the n equations

(Z, X1) = a(Xq, X0)+ -+ an(Xpn, X1)

<Z7 XTL) = a1<X17 Xn> +ee +an<X7L7 Xn>

which are obtained from (Z, X;) = (a;X; + -+ + a, Xy, Xj). Couple both
methods to prove the result].

(b) If X3,---,X, are an orthogonal set of vectors, compute G(Xi,---,X,).

(c) If Y € H, prove that the distance of Y from the subspace A, |Y—P4sY| =4,
is given by the formula

G(KXIP"’X’IL)
G(X1, - Xn)

=Y —PyY|?* =

[Suggestion: Observe that §2 = ||[Y —P4Y||? = (Y—P4Y, Y) and that (P,Y,Y) =[]
an(X1,Y) + - 4+ an(Xy,, Y). Now write P4Y as Z, use the n equations in
a) and the one equation 62 = (Y, V) —a1(X1, Y) — -+ —a,(X,, Y) to solve for
62 by using Cramer’s rule].

(d) Use the fact that G(X;) = (X3, X1) to prove the Gram determinant of lin-
early independent vectors is always positive. In particular, deduce the Cauchy -
Schwarz inequality from G(X7,X2) > 0.

(e) In L»[0,1],let X; = 1+z,and Xy = 23. Compute G(X1, X3). Let Y =2—2*
and compute [|[Y — P,Y||, where A is the subspace spanned by X; and Xs.
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(f) (Muntz) In L»[0,1], let A, = span{z/t, 272 ... 2/} where ji,---,j, are
distinct positive integers. Let Y = z* , where k is a positive integer by not one

1
of the j’s. Prove that lim ||Y — P4, Y| =0 if and only if Z — diverges.
n—oo In

146. (a) Use Theorem 17, page 217 to find linear polynomials P and () such that,
respectively,

1
(i) / (2% — P(z))? dz is minimized,
-1

1
(ii) /0 [2? — Q(2)])? dx is minimized.

(b) Write P(z) = a+ bx and use calculus to again find the values of a and b such
that

is minimized.

147. Let Z = (1,1,1,1,1) € E° and let A be the subspace of E° spanned by X; =
(1,0,1,0,0), X =(1,0,0,—1,0), and X3 = (0,1,0,0,1). Find ||Z — P4Z||.

148. Let T’y be a closed planar curve which encloses a convex region, and let I', be the
“parallel” curve obtained by moving out a distance of r along the outer normal.

(a) Discover a formula relating the arc length of T, to that of T'g. [Advise: Examine
the special cases of a circle, rectangle, and convex polygon].

(b) Prove the result you conjectured in part a).

149. The hypergeometric function F(a,b;c;x) is defined by the power series

a-b  ala+Dbb+1) 5 ala+1)(a+2)bb+1)(b+2) ,
Lo T 12 ¢ler1) © 1.2 3c(ct D(ct+2)

F(a,b;c;x) =1+

(a) Show that the series converges for all |z| < 1.
(b) Show that %F(a,b; )= %bF(a +1Lb+ 1+ 1;2).
(¢) Show that
(i) 1—2)" = F(=n,b;b;x)
(ii) (14+2)"=F(—n,b;b;—x)
(i) log(l —z) = —2xF(1,1;2,x)
(iv) log(i‘—i) = 2:):F(%, 1; %; 162)
( 1

,b;1;2/b)

b—oo
(vi) cosz = F(%, —%; %,st x)
(vii) sin™'z = xF(%, %; %;$2)
(viii) tan~'z = 2F(3, 1; 35 —a?)
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(d) Show that F' satisfies the hypergeometric differential equation

’r F
x(l—x)cjl?—l—[c—(a%—b%— 1)$]L61Tx —abF =0.

[This equation is essentially the most general one with three regular singular

points - in this case located at 0,1, and oo].

150. Let {e1,---,en} be a complete orthonormal set of E® and let { Xy, ---,X, } bea
set of vectors which are close to the e;’s in the sense that

n
DX =gl < 1.
j=1

Prove that the X;’s are linearly independent. Give an example in E3 of linearly
dependent vectors { X7, X2, X3} which satisfy

n
D OIX —ell* = 1.
j=1

[In fact, one can prove that

n
dim At <) |1X; — ¢,
j=1

] where A = span{ Xy, --, X, }].

151. (a) Show that the function f(z) = e€?, z € C, is never zero.

(b) Scrutinize the proof of the Fundamental Theorem of Algebra (pp. 544-548) and
find where it breaks down if one attempts to extend it to prove that e* has at
least one zero.



